
Bihar Board Class 12 Physics (Elective) Set F - 2023 Question Paper
with Solutions

Time Allowed :3 Hours 15 Minutes Maximum Marks :70 Total Questions :96

General Instructions

Read the following instructions very carefully and strictly follow them:

1. The test is of 3 hours 15 Minutes duration.

2. The question paper consists of 96 questions.

3. In Section - B, there are 20 short answer type questions, each carrying 2 marks,
out of which any 10 questions are to be answered. Apart from these, there are 6
long answer type questions, each carrying 5 marks, out of which any 3 questions
are to be answered.

4. Minimum 30% marks in each subject (30 out of 100 for theory, adjusted for
practicals where applicable).

5. Use of any electronic appliances is strictly prohibited.

Section - A

1. When current in a coil changes from 5A to 2A in 0.1s then average voltage of
50V is produced. The self-inductance of the coil is

(A) 1.67 henry
(B) 6 henry
(C) 3 henry
(D) 0.67 henry

Correct Answer: (A) 1.67 henry

Solution:

Step 1: Understanding the Concept:
The question asks for the self-inductance of a coil. Self-inductance is the property of a coil
by virtue of which it opposes any change in the strength of the current flowing through it by
inducing an electromotive force (e.m.f.) in itself. This induced e.m.f. is also known as back
e.m.f. The magnitude of this induced e.m.f. is directly proportional to the rate of change of
current.

Step 2: Key Formula or Approach:
The formula for the average induced voltage (e.m.f., ϵ) in a coil due to self-inductance (L) is
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given by Faraday’s law of induction:

ϵ = −L
dI

dt
Where:
ϵ is the induced voltage (e.m.f.).
L is the self-inductance of the coil.
dI
dt is the rate of change of current.
For average values over a time interval ∆t, the formula can be written as:

ϵavg = −L
∆I

∆t

The negative sign indicates that the induced e.m.f. opposes the change in current (Lenz’s Law).
For calculating the magnitude, we can use:

|ϵavg| = L

∣∣∣∣∆I

∆t

∣∣∣∣
Step 3: Detailed Explanation:
Given data:
Initial current, I1 = 5 A
Final current, I2 = 2 A
Time interval, ∆t = 0.1 s
Average induced voltage, ϵ = 50 V

First, we calculate the change in current (∆I):

∆I = I2 − I1 = 2 A− 5 A = −3 A

Next, we calculate the rate of change of current ∆I
∆t :

∆I

∆t
=

−3 A

0.1 s
= −30 A/s

Now, we use the formula for induced voltage to find the self-inductance L:

ϵ = −L
∆I

∆t

50 V = −L(−30 A/s)

50 = 30L

Solving for L:

L =
50

30
H

L =
5

3
H

L ≈ 1.67 H

Step 4: Final Answer:
The self-inductance of the coil is approximately 1.67 Henry. This corresponds to option (A).

2



Quick Tip

In problems involving induced e.m.f., always pay attention to the signs. The negative
sign in Faraday’s law (ϵ = −LdI

dt ) represents Lenz’s law, which states that the induced
e.m.f. opposes the change in current. When calculating the magnitude of inductance,
you can often ignore the sign, but understanding its meaning is crucial for conceptual
questions.

2. The concept of secondary wavelets was given by

(A) Fresnel
(B) Maxwell
(C) Huygens
(D) Newton

Correct Answer: (C) Huygens

Solution:

Step 1: Understanding the Concept:
The question asks to identify the scientist who proposed the concept of secondary wavelets.
This concept is a fundamental part of the wave theory of light, used to explain phenomena like
reflection, refraction, and diffraction.

Step 2: Detailed Explanation:
The concept of secondary wavelets was introduced by the Dutch physicist Christiaan Huygens
in 1678.
Huygens’ Principle states that:
1. Every point on a primary wavefront acts as a source of new disturbances, called secondary
wavelets, which travel out in all directions with the same speed as the original wave.
2. The new wavefront at any later time is the forward envelope (the tangential surface in the
forward direction) of these secondary wavelets.
This principle successfully explains the propagation of waves and phenomena like reflection and
refraction. While Fresnel later modified and refined Huygens’ principle to better explain diffrac-
tion (leading to the Huygens-Fresnel principle), the original concept of secondary wavelets is
credited to Huygens.
- Fresnel built upon Huygens’ work to explain diffraction by incorporating the principle of
interference of the secondary wavelets.
- Maxwell developed the electromagnetic theory of light, describing light as electromagnetic
waves.
- Newton proposed the corpuscular (particle) theory of light.

Step 3: Final Answer:
The concept of secondary wavelets was given by Huygens. Therefore, option (C) is the correct
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answer.

Quick Tip

Remember the key contributions of scientists in wave optics: Huygens gave the principle
of secondary wavelets, Young demonstrated interference (double-slit experiment), and
Fresnel explained diffraction by combining Huygens’ principle with interference. Newton
is associated with the particle theory of light, which contrasts with the wave theory.

3. In photoelectric effect, the photoelectric current is independent of

(A) intensity of incident light
(B) potential difference applied between two electrodes
(C) the nature of emitter material
(D) frequency of incident light

Correct Answer: (D) frequency of incident light

Solution:

Step 1: Understanding the Concept:
The photoelectric effect is the emission of electrons when electromagnetic radiation, such as
light, hits a material. Photoelectric current is the flow of these emitted electrons (photoelec-
trons). The question asks which factor does not affect the magnitude of this current.

Step 2: Detailed Explanation:
Let’s analyze the relationship between photoelectric current and the given options:

(A) Intensity of incident light: Photoelectric current is directly proportional to the intensity
of the incident light (provided the frequency is above the threshold frequency). Higher intensity
means more photons are striking the surface per unit time, which in turn ejects more electrons,
leading to a larger current. So, the current is dependent on intensity.

(B) Potential difference applied between two electrodes: The potential difference can
either accelerate or decelerate the photoelectrons. An accelerating potential helps more elec-
trons reach the collector, increasing the current up to a saturation point. A retarding (negative)
potential opposes the flow, decreasing the current. Thus, the current is dependent on the po-
tential difference.

(C) The nature of emitter material: The material’s nature determines its work function
(ϕ0), which is the minimum energy required to eject an electron. This defines the threshold
frequency (f0). If the incident light’s frequency is below f0, no current flows. So, the existence
of the current depends on the material.
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(D) Frequency of incident light: According to Einstein’s photoelectric equation (Kmax =
hf − ϕ0), the frequency of the incident light determines the maximum kinetic energy of the
emitted photoelectrons, not their number. As long as the frequency is above the threshold
frequency (f > f0), changing the frequency (while keeping the intensity constant) will change
the speed of the electrons, but not the number of electrons emitted per second. Since the
photoelectric current depends on the number of electrons emitted per second, it is independent
of the frequency of the incident light.

Step 3: Final Answer:
The photoelectric current is independent of the frequency of the incident light (assuming the
frequency is above the threshold). Therefore, option (D) is the correct answer.

Quick Tip

To easily remember the relationships in the photoelectric effect:

• Intensity → Number of electrons → Photoelectric Current.

• Frequency → Energy of electrons → Kinetic Energy / Stopping Potential.

This helps distinguish between what affects the current and what affects the energy of
the electrons.

4. In visible spectrum, which colour has larger wavelength ?

(A) Red
(B) Yellow
(C) Blue
(D) Violet

Correct Answer: (A) Red

Solution:

Step 1: Understanding the Concept:
The visible spectrum is the portion of the electromagnetic spectrum that is visible to the human
eye. It consists of a range of colors, each corresponding to a different wavelength of light. The
question asks to identify the color with the largest wavelength.

Step 2: Detailed Explanation:
The colors of the visible spectrum are typically remembered by the acronym VIBGYOR,
which stands for Violet, Indigo, Blue, Green, Yellow, Orange, and Red.
This sequence is arranged in order of increasing wavelength (or decreasing frequency and en-
ergy).
- Violet has the shortest wavelength (around 400 nm).
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- Red has the longest wavelength (around 650-700 nm).

Therefore, among the given options, Red has the largest wavelength.

Step 3: Final Answer:
In the visible spectrum, Red has the largest wavelength. So, option (A) is correct.

Quick Tip

Use the acronym VIBGYOR to remember the order of colors in the visible spectrum.
The order goes from the shortest wavelength (Violet) to the longest wavelength (Red).
This also means Violet light has the highest frequency and energy, while Red light has
the lowest.

5. The nucleus of any atom is made up of

(A) proton
(B) proton and electron
(C) α-particle
(D) proton and neutron

Correct Answer: (D) proton and neutron

Solution:

Step 1: Understanding the Concept:
This question asks about the composition of the atomic nucleus, which is the central, dense
region of an atom.

Step 2: Detailed Explanation:
The nucleus of an atom is composed of two types of subatomic particles:
- Protons, which have a positive electrical charge.
- Neutrons, which are electrically neutral (have no charge).
These two particles, protons and neutrons, are collectively known as nucleons. They are held
together in the nucleus by the strong nuclear force.
Let’s analyze the other options:
- (A) proton: The nucleus contains protons, but for all elements except the most common
isotope of hydrogen (protium), it also contains neutrons. So this is incomplete.
- (B) proton and electron: Electrons are negatively charged particles that orbit the nucleus;
they are not part of the nucleus itself.
- (C) α-particle: An alpha particle is the nucleus of a helium atom, consisting of two protons
and two neutrons. While it is a type of nucleus, not all atomic nuclei are -particles.
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Step 3: Final Answer:
The nucleus of an atom is made up of protons and neutrons. Therefore, option (D) is the
correct answer.

Quick Tip

Remember the basic structure of an atom: a central nucleus containing protons and
neutrons, surrounded by a cloud of orbiting electrons. The number of protons defines the
element, while the number of neutrons defines the isotope.

6. The phase-difference between current and voltage in only capacitive alternating
current circuit is

(A) 0°
(B) 90°
(C) 180°
(D) 45°

Correct Answer: (B) 90°

Solution:

Step 1: Understanding the Concept:
In an alternating current (AC) circuit containing only a capacitor, the flow of current is related
to the rate of change of voltage across the capacitor. This relationship causes a phase difference
between the current and voltage waveforms.

Step 2: Detailed Explanation:
Let the alternating voltage applied to the circuit be V = Vm sin(ωt).
The charge on the capacitor at any instant is q = CV = CVm sin(ωt).
The current in the circuit is the rate of flow of charge, so we differentiate the charge with
respect to time:

I =
dq

dt
=

d

dt
(CVm sin(ωt))

I = CVmω cos(ωt)

To compare the phase of current and voltage, we express the current in terms of a sine function:
Since cos(θ) = sin(θ + π

2 ), we can write:

I = Im sin(ωt+
π

2
)

Where Im = VmωC is the peak current.
Comparing the phase of voltage, ϕV = ωt, with the phase of current, ϕI = ωt+ π

2 , we find the
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phase difference:

∆ϕ = ϕI − ϕV = (ωt+
π

2
)− ωt =

π

2
A phase difference of π

2 radians is equal to 90°. The positive sign indicates that the current
leads the voltage by 90°.

Step 3: Final Answer:
The phase-difference between current and voltage in a purely capacitive AC circuit is 90° (or
π/2 radians), with the current leading the voltage. Therefore, option (B) is correct.

Quick Tip

A useful mnemonic to remember the phase relationship in AC circuits is ”CIVIL”:

• In a Capacitor (C), I (current) leads V (voltage).

• In an Inductor (L), V (voltage) leads I (current).

This helps you quickly recall that for a capacitor, the phase difference is 90° with current
ahead.

7. Which one of the following electromagnetic radiations has minimum wavelength
?

(A) Ultraviolet
(B) X-rays
(C) Microwaves
(D) -rays

Correct Answer: (D) -rays

Solution:

Step 1: Understanding the Concept:
The electromagnetic (EM) spectrum is the range of all types of EM radiation. Radiation is
classified by wavelength, frequency, or energy. Wavelength (λ) and frequency (f) are inversely
related (c = fλ), and energy (E) is directly proportional to frequency (E = hf). Therefore,
minimum wavelength corresponds to maximum frequency and maximum energy.

Step 2: Detailed Explanation:
Let’s arrange the given electromagnetic radiations in order of decreasing wavelength (or in-
creasing frequency/energy):
1. Microwaves: Wavelengths range from about 1 meter to 1 millimeter. They have longer
wavelengths and lower energy than the other options.
2. Ultraviolet (UV): Wavelengths are shorter than visible light, typically from 400 nm to 10
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nm.
3. X-rays: Wavelengths are shorter than UV rays, typically from 10 nm to 0.01 nm.
4. -rays (Gamma rays): They have the shortest wavelengths in the entire electromagnetic
spectrum, typically less than 0.01 nm (or 10 picometers). They are the most energetic form of
electromagnetic radiation.

The order from longest to shortest wavelength is: Microwaves ¿ Ultraviolet ¿ X-rays ¿ -rays.

Step 3: Final Answer:
Among the given options, -rays have the minimum wavelength. Therefore, option (D) is correct.

Quick Tip

Remember the order of the electromagnetic spectrum: ”Roman Men Invented Very Un-
usual X-ray Guns” (Radio, Microwaves, Infrared, Visible, Ultraviolet, X-rays, Gamma
rays). This mnemonic lists the radiations in order of decreasing wavelength and increasing
frequency/energy.

8. The binary equivalent of 25 is

(A) (1100)2
(B) (1001)2
(C) (11001)2
(D) (11101)2

Correct Answer: (C) (11001)2

Solution:

Step 1: Understanding the Concept:
The question asks to convert a decimal number (base-10) to its binary equivalent (base-2). The
standard method for this is the repeated division by 2.

Step 2: Key Formula or Approach:
To convert a decimal number to binary, we repeatedly divide the decimal number by 2 and
record the remainders. The process continues until the quotient becomes 0. The binary num-
ber is then obtained by reading the remainders from the bottom up.

Step 3: Detailed Explanation:
Let’s convert the decimal number 25 to binary:

• Divide 25 by 2: Quotient = 12, Remainder = 1

• Divide 12 by 2: Quotient = 6, Remainder = 0
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• Divide 6 by 2: Quotient = 3, Remainder = 0

• Divide 3 by 2: Quotient = 1, Remainder = 1

• Divide 1 by 2: Quotient = 0, Remainder = 1

Reading the remainders from the bottom up gives us 11001.
So, (25)10 = (11001)2.

Alternatively, we can express 25 as a sum of powers of 2:
The powers of 2 are ..., 32, 16, 8, 4, 2, 1.
25 can be written as:

25 = 16 + 8 + 1

25 = (1× 24) + (1× 23) + (0× 22) + (0× 21) + (1× 20)

The coefficients of the powers of 2 give the binary representation: 11001.

Step 4: Final Answer:
The binary equivalent of 25 is (11001)2. This corresponds to option (C).

Quick Tip

When converting decimal to binary, quickly check your answer by converting it back. For
(11001)2, the decimal value is 1 ·24+1 ·23+0 ·22+0 ·21+1 ·20 = 16+8+0+0+1 = 25.
This confirms the result.

9. The width of diffraction fringes is .......... to the width of interference fringes.

(A) equal
(B) unequal
(C) similar
(D) none of these

Correct Answer: (B) unequal

Solution:

Step 1: Understanding the Concept:
This question compares the fringe widths in two key wave optics phenomena: interference (typ-
ically from a double-slit) and diffraction (typically from a single-slit). Fringe width refers to
the separation between consecutive bright or dark bands in the pattern.

Step 2: Detailed Explanation:
Interference Fringes (e.g., Young’s Double-Slit Experiment):
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In the interference pattern produced by two coherent sources, all the bright and dark fringes
have the same width. The fringe width (β) is given by the formula β = λD

d , where λ is the
wavelength, D is the distance to the screen, and d is the slit separation. This width is constant
across the pattern. The intensity of all bright fringes is also the same.

Diffraction Fringes (e.g., Single-Slit Diffraction):
In the diffraction pattern produced by a single slit, the fringes are not of equal width. The
central bright fringe (central maximum) is much wider and more intense than the other fringes
(secondary maxima). The width of the central maximum is twice the width of any of the
secondary maxima. The width of the central maximum is given by 2λD

a , while the width of

the secondary maxima is λD
a , where a is the slit width. Also, the intensity of the secondary

maxima decreases rapidly as we move away from the center.

Comparison:
Interference fringes are of equal width and intensity.
Diffraction fringes are of unequal width and intensity.
Therefore, the width of diffraction fringes is unequal when compared to each other, and fun-
damentally different from the uniform width of interference fringes.

Step 3: Final Answer:
The statement implies a general comparison. Since diffraction fringes are not of uniform width,
while interference fringes are, the correct description is that they are unequal. Thus, option
(B) is the most appropriate answer.

Quick Tip

A key visual difference to remember is that an interference pattern is a series of uniformly
spaced bright bands of equal brightness, while a diffraction pattern is dominated by a
very wide and bright central band, with much narrower and dimmer bands on either side.

10. Light year is equal to

(A) 9.46 x 1015 m
(B) 9.46 x 1012 m
(C) 9.46 x 108 m
(D) 9.46 x 1010 m

Correct Answer: (A) 9.46 x 1015 m

Solution:

Step 1: Understanding the Concept:
A light-year is a unit of astronomical distance. It is defined as the total distance that a beam
of light, moving in a vacuum, travels in one Julian year (365.25 days). It is a unit of distance,
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not time.

Step 2: Key Formula or Approach:
The distance can be calculated using the formula:

Distance = Speed× Time

Step 3: Detailed Explanation:
The values needed for the calculation are:

• Speed of light in vacuum (c) ≈ 299, 792, 458 m/s ≈ 3× 108 m/s

• Time (t) = 1 Julian year = 365.25 days

First, we need to convert the time from years to seconds:

t = 365.25 days× 24
hours

day
× 60

minutes

hour
× 60

seconds

minute

t = 31, 557, 600 seconds

Now, calculate the distance:

Distance = (299, 792, 458 m/s)× (31, 557, 600 s)

Distance ≈ 9, 460, 730, 472, 580, 800 m

In scientific notation, this is approximately:

Distance ≈ 9.46× 1015 m

Step 4: Final Answer:
One light-year is equal to approximately 9.46 x 1015 meters. This matches option (A).

Quick Tip

Remember the order of magnitude for common astronomical distances. A light-year is
a vast distance, on the order of 1015 meters or 1012 kilometers. An Astronomical Unit
(AU, the distance from Earth to the Sun) is much smaller, about 1.5 x 1011 meters. A
parsec is larger, about 3.26 light-years.

11. If any ammeter is shunted, then the total resistance of the circuit

(A) increases
(B) decreases
(C) remains same
(D) none of these
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Correct Answer: (B) decreases

Solution:

Step 1: Understanding the Concept:
An ammeter is a device used to measure current in a circuit and is always connected in series.
A ”shunted ammeter” refers to an ammeter (or more accurately, a galvanometer) that has a
low-resistance resistor, called a shunt, connected in parallel with it. This is done to extend the
range of the ammeter. The question asks what effect this has on the total resistance of the
circuit.

Step 2: Key Formula or Approach:
When resistors are connected in parallel, the equivalent resistance (Req) is always less than the
smallest individual resistance. The formula for two resistors in parallel is:

Req =
R1R2

R1 +R2

Here, R1 is the ammeter’s internal resistance (RA), and R2 is the shunt resistance (RS). The
effective resistance of the shunted ammeter is R′

A = RARS

RA+RS
.

Step 3: Detailed Explanation:
1. An ammeter is placed in series in a circuit. Let the original total resistance of the circuit be
Rtotal = Rcircuit + RA, where RA is the ammeter’s resistance and Rcircuit is the resistance of
the rest of the circuit.
2. When the ammeter is shunted, a low-resistance shunt (RS) is connected in parallel to the
ammeter’s internal resistance (RA).
3. The new effective resistance of the measuring instrument, R′

A, is the parallel combination of
RA and RS .
4. Since the equivalent resistance of a parallel combination is always smaller than the smallest
of the individual resistances, and a shunt has very low resistance, we have R′

A < RS . And since
RS is chosen to be much smaller than RA, it is certain that R′

A < RA.
5. The new total resistance of the circuit becomes R′

total = Rcircuit +R′
A.

6. Since R′
A < RA, it follows that R

′
total < Rtotal.

Therefore, shunting an ammeter decreases its own effective resistance, which in turn decreases
the total resistance of the circuit it is part of.

Step 4: Final Answer:
If an ammeter is shunted, the total resistance of the circuit decreases. Option (B) is correct.

Quick Tip

Remember the rule for parallel resistors: adding a resistor in parallel to any part of a
circuit always decreases the total equivalent resistance of that part. A shunt is simply a
resistor added in parallel.
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12. The temperature coefficient of a semi-conductor is

(A) positive
(B) Negative
(C) Zero
(D) Infinity

Correct Answer: (B) Negative

Solution:

Step 1: Understanding the Concept:
The temperature coefficient of resistance (α) describes how the electrical resistance of a sub-
stance changes with a change in temperature. A positive coefficient means resistance increases
with temperature, while a negative coefficient means resistance decreases with temperature.

Step 2: Detailed Explanation:
Conductors (Metals): In metals, as temperature increases, the positive ions vibrate more
vigorously. This increases the frequency of collisions for the free electrons moving through the
material, which in turn increases the electrical resistance. Therefore, conductors have a posi-
tive temperature coefficient of resistance.

Semi-conductors: In semi-conductors (like silicon and germanium), the electrical conductiv-
ity depends on the number of charge carriers (electrons and holes). At absolute zero, a pure
semiconductor behaves like an insulator. As the temperature rises, thermal energy breaks co-
valent bonds, creating more electron-hole pairs. This increase in the number of charge carriers
drastically increases the conductivity, and consequently, decreases the resistance.
Since the resistance of a semiconductor decreases as its temperature increases, it has a nega-
tive temperature coefficient of resistance.

Step 3: Final Answer:
The temperature coefficient of a semi-conductor is negative. Option (B) is correct.

Quick Tip

A simple way to remember this is:

• Conductors: Get ”more resistive” (hotter) with heat → Positive α.

• Semi-conductors: Get ”less resistive” (more conductive) with heat → Negative
α.

This behavior is a defining characteristic that distinguishes semiconductors from metals.

13. If T is time period and V is maximum speed of a charged particle in cyclotron,
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then

(A) T ∝ V
(B) T ∝ V2

(C) T ∝ 1/V
(D) T ∝ 1/V2

Correct Answer: The provided options are incorrect. The time period is independent of
speed.

Solution:
Note: In a standard, non-relativistic cyclotron, the time period of revolution of a charged par-
ticle is independent of its speed and the radius of its orbit. This is the fundamental principle
upon which the cyclotron operates. Therefore, none of the given proportionality options are
correct. We will proceed by deriving the correct relationship.

Step 1: Understanding the Concept:
A cyclotron accelerates charged particles using a constant magnetic field and an oscillating
electric field. The magnetic field forces the particle to move in a circular path, and the electric
field accelerates it each time it crosses the gap between the two ”dee” electrodes. The question
asks for the relationship between the time period of one revolution (T) and the particle’s speed
(V).

Step 2: Key Formula or Approach:
The magnetic force (FB) on the charged particle provides the necessary centripetal force (Fc)
to keep it in a circular path.

FB = Fc

qvB =
mv2

r
The time period (T) is the time taken to complete one full circle, which is the circumference
divided by the speed.

T =
2πr

v
Step 3: Detailed Explanation:
From the force balance equation, we can find an expression for the radius r:

qvB =
mv2

r
=⇒ r =

mv

qB

Now, substitute this expression for the radius r into the time period equation:

T =
2π

v

(
mv

qB

)
The speed v cancels out from the numerator and the denominator:

T =
2πm

qB
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This result shows that the time period T depends only on the mass (m) and charge (q) of the
particle, and the strength of the magnetic field (B). It is independent of the particle’s speed
(v) and the radius of its orbit (r).

Step 4: Final Answer:
The time period T is independent of the speed V . The correct relationship is T ∝ V 0. Since
this is not among the options, the question is flawed.

Quick Tip

A core principle of the cyclotron is that the revolution period is constant. This allows the
use of a fixed-frequency AC voltage to accelerate the particles. Remember the formula
T = 2πm

qB ; it clearly shows no dependence on velocity or radius. This independence breaks
down at very high (relativistic) speeds, which is a limitation of the classic cyclotron.

14. Van de Graaff generator is an electrostatic machine which produces

(A) Only high current
(B) Only high voltage
(C) High current and high voltage
(D) Low current and low voltage

Correct Answer: (B) Only high voltage

Solution:

Step 1: Understanding the Concept:
A Van de Graaff generator is a device designed to create a very large static electric potential
(voltage). It operates by using a moving belt to transport electric charge from a source to a
large, hollow metal sphere.

Step 2: Detailed Explanation:
Voltage Production: The generator accumulates a large amount of charge on the outer sur-
face of its spherical terminal. The potential of a sphere is given by V = kQ/R. By continuously
transporting charge (Q) to the sphere, a very high potential difference (voltage), often in the
range of millions of volts, is built up with respect to the ground. Its primary function is to
produce this high voltage.
Current Production: The charge is transported mechanically by a physical belt. The rate
at which charge can be moved is limited, so the resulting electric current (I = dQ/dt) is very
small, typically in the microampere (µA) range.
Conclusion: The defining characteristic of a Van de Graaff generator is its ability to produce
extremely high voltages. The current it can deliver is, by contrast, very low. Therefore, among
the given choices, ”Only high voltage” is the best description of its output.
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Step 3: Final Answer:
A Van de Graaff generator produces a very high voltage but a very low current. Option (B)
correctly identifies its main output.

Quick Tip

Think of the Van de Graaff generator as a ”charge pump”. It works slowly (low current)
but builds up a huge amount of pressure (high voltage). It is used in applications that
require high potential to accelerate particles, such as in early particle accelerators and
for educational demonstrations of static electricity.

15. S.I. unit of permittivity is

(A) N−1 C−1 m2

(B) NC2 m2

(C) NC−2 m2

(D) C2 N−1 m−2

Correct Answer: (D) C2 N−1 m−2

Solution:

Step 1: Understanding the Concept:
Permittivity (ϵ) is a measure of how an electric field affects, and is affected by, a dielectric
medium. The question asks for the SI unit of permittivity, often referring to the permittivity
of free space, ϵ0.

Step 2: Key Formula or Approach:
We can derive the unit of permittivity from Coulomb’s Law, which describes the electrostatic
force (F ) between two point charges (q1 and q2) separated by a distance (r).

F =
1

4πϵ0

q1q2
r2

Step 3: Detailed Explanation:
First, we rearrange Coulomb’s Law to solve for ϵ0:

ϵ0 =
1

4πF

q1q2
r2

Now, we substitute the SI units for each physical quantity into the equation. The term 4π is a
dimensionless constant.

• Unit of Force (F ): Newton (N)

• Unit of Charge (q1, q2): Coulomb (C)
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• Unit of Distance (r): meter (m)

Substituting these units:

Unit of ϵ0 =
1

N
· C · C

m2
=

C2

N ·m2

This unit can be written in exponent notation as:

C2N−1m−2

Step 4: Final Answer:
The SI unit of permittivity is C2 N−1 m−2. This matches option (D).

Quick Tip

Another common unit for permittivity is Farads per meter (F/m). You can verify that this
is equivalent: 1 F = 1 C/V and 1 V = 1 J/C = 1 N·m/C. Therefore, 1 F = 1 C2/(N·m).
Dividing by meters gives 1 F/m = 1 C2/(N · m2). Remembering both units (F/m and
C2 N−1 m−2) can be helpful.

16. The net charge on a charged capacitor is

(A) zero
(B) 1 µ C
(C) 1 C
(D) infinite

Correct Answer: (A) zero

Solution:

Step 1: Understanding the Concept:
A capacitor is a device that stores electrical energy in an electric field. It typically consists of
two conductive plates separated by an insulator (dielectric). The question asks for the net or
total charge on the capacitor as a whole when it is charged.

Step 2: Detailed Explanation:
When a capacitor is connected to a voltage source (like a battery), the source moves electrons
from one plate to the other.
- The plate that loses electrons becomes positively charged. Let’s say it acquires a charge of
+Q.
- The plate that gains an equal number of electrons becomes negatively charged. It acquires a
charge of −Q.
The term ”charge on a capacitor” conventionally refers to the magnitude of the charge on one
of the plates (i.e., Q).
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However, the *net charge* of the capacitor as a complete, isolated device is the algebraic sum
of the charges on both plates.

Qnet = (+Q) + (−Q) = 0

Step 3: Final Answer:
Since one plate has a charge of +Q and the other has a charge of −Q, the total net charge on
the charged capacitor is zero. Therefore, option (A) is correct.

Quick Tip

Be careful with the wording. ”Charge on a capacitor” usually means the magnitude of
charge on the positive plate (Q). ”Net charge on a capacitor” or ”total charge of the
capacitor” means the sum of charges on both plates, which is always zero for an isolated,
charged capacitor.

17. The motion of an electron inside a conductor is

(A) uniform
(B) accelerated
(C) drifted
(D) retarded

Correct Answer: (C) drifted

Solution:

Step 1: Understanding the Concept:
This question asks to describe the overall motion of a free electron inside a conductor when an
electric field is applied (i.e., when a current is flowing).

Step 2: Detailed Explanation:
Free electrons in a conductor are in a state of continuous, random motion due to thermal en-
ergy, with very high speeds (thermal velocity). They frequently collide with the fixed positive
ions of the metallic lattice.
When an external electric field is applied, the electrons experience an electrostatic force in the
direction opposite to the field. This force accelerates the electrons. However, this acceleration
lasts only for a very short time before the electron collides with a lattice ion. During the colli-
sion, the electron loses most of the energy gained from the field and its direction of motion is
randomized. It then starts to accelerate again.
This process of acceleration followed by collision repeats continuously. While the instantaneous
motion is a series of short accelerations, the *net effect* over a longer period is a slow, average
movement in the direction opposite to the electric field. This net motion is called drift. The
average velocity of this motion is called the drift velocity (vd), which is typically very small
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(∼ 10−4 m/s) and is constant for a constant electric field.
- Uniform motion is incorrect because the instantaneous velocity is constantly changing.
- Accelerated motion is only partially correct; it describes the motion between collisions but
not the overall effect.
- Retarded/Damped motion describes the effect of collisions but not the driving force from
the field.
- Drifted motion is the best term to describe the overall, effective motion of the electron that
gives rise to electric current.

Step 3: Final Answer:
The net or average motion of an electron inside a conductor under the influence of an electric
field is a drift. Therefore, option (C) is the most accurate description.

Quick Tip

Visualize a person trying to walk through a dense, jostling crowd. They are constantly
bumped and change direction (collisions), but by persistently pushing in one direction
(electric field), they make slow, overall progress. This slow, net progress is the ”drift”.
The electron’s path is a chaotic series of short, curved paths, but with a net displacement
over time.

18. The total electric flux coming out from stationary unit positive charge in air is

(A) ϵ0
(B) (ϵ0)

−1

(C) 4πϵ0
(D) (4πϵ0)

−1

Correct Answer: (B) (ϵ0)
−1

Solution:

Step 1: Understanding the Concept:
This question requires the application of Gauss’s Law in electrostatics. Gauss’s Law relates
the total electric flux (ΦE) through any closed surface (called a Gaussian surface) to the net
electric charge (Qenc) enclosed by that surface.

Step 2: Key Formula or Approach:
Gauss’s Law is stated mathematically as:

ΦE =

˛
E⃗ · dA⃗ =

Qenc

ϵ

Where:
ΦE is the total electric flux.
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Qenc is the total charge enclosed within the surface.
ϵ is the permittivity of the medium. For air or vacuum, we use the permittivity of free space, ϵ0.

Step 3: Detailed Explanation:
According to the problem statement:
- The charge is a ”unit positive charge”, which means Qenc = +1 C.
- The medium is ”air”, so we use the permittivity ϵ0.

Substituting these values into Gauss’s Law:

ΦE =
+1

ϵ0

This can be written using a negative exponent as:

ΦE = (ϵ0)
−1

Step 4: Final Answer:
The total electric flux is (ϵ0)

−1. This corresponds to option (B).

Quick Tip

Gauss’s Law is a powerful tool for calculating electric flux. Remember that the flux
depends only on the enclosed charge, not on the shape or size of the Gaussian surface.
For a point charge, the flux is the same through a small sphere around it as it is through
a large, irregularly shaped surface enclosing it.

19. The force, acting on per unit charge is called

(A) Electric current
(B) Electric potential
(C) Electric field
(D) Electric space

Correct Answer: (C) Electric field

Solution:

Step 1: Understanding the Concept:
This question asks for the definition of a fundamental quantity in electrostatics. We need to
identify the physical quantity that is defined as the electrostatic force experienced by a charge
divided by the magnitude of that charge.

Step 2: Detailed Explanation:
Let’s analyze the definitions of the given options:
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- Electric current is the rate of flow of electric charge (I = dQ/dt). It is not force per unit
charge.
- Electric potential at a point is the work done in moving a unit positive charge from a
reference point (usually infinity) to that point (V = W/q). It is energy per unit charge, not
force per unit charge.
- Electric field (or electric field intensity, E⃗) at a point is defined as the electrostatic force (F⃗ )
experienced by a small positive test charge (q0) placed at that point, divided by the magnitude
of the test charge.

E⃗ =
F⃗

q0

This exactly matches the description ”force, acting on per unit charge”.
- Electric space is not a standard term in physics for a physical quantity.

Step 3: Final Answer:
The force per unit charge is the definition of the electric field. Therefore, option (C) is correct.

Quick Tip

Remember the key ”per unit charge” definitions:

• Force per unit charge = Electric Field (E = F/q).

• Potential Energy per unit charge = Electric Potential (V = U/q).

This distinction is crucial for solving problems in electrostatics.

20. Quantisation of charge indicates that

(A) Charge, which is a fraction of charge on an electron, is not possible
(B) A charge cannot be destroyed
(C) Charge exists on particles
(D) There exists a minimum permissible charge on a particle

Correct Answer: (A) Charge, which is a fraction of charge on an electron, is not possible

Solution:

Step 1: Understanding the Concept:
The principle of ”quantisation of charge” is a fundamental property of electric charge. It states
that electric charge is not continuous but exists in discrete packets.

Step 2: Detailed Explanation:
The principle of quantisation of charge states that the total charge (Q) on any object is always
an integer multiple of a basic unit of charge, denoted by e. This basic unit is the magnitude of
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the charge of a single electron or proton (e ≈ 1.602× 10−19 C).
The formula is: Q = ne, where n is an integer (n = 0,±1,±2, . . .).
Let’s evaluate the given options based on this principle:
(A) Charge, which is a fraction of charge on an electron, is not possible: This is a
direct consequence of the rule Q = ne. Since n must be an integer, it is impossible for an iso-
lated object to have a charge of, for example, 0.5e or 1.7e. This statement accurately describes
quantisation.
(B) A charge cannot be destroyed: This describes the law of conservation of charge, which
is a different principle.
(C) Charge exists on particles: This is a true statement, but it is not the meaning of quan-
tisation.
(D) There exists a minimum permissible charge on a particle: This is also a conse-
quence of quantisation (the minimum non-zero charge is e), but option (A) is a more complete
and precise statement of the principle. It explains *why* there is a minimum charge and also
rules out all non-integer multiples, not just those below the minimum.

Step 3: Final Answer:
The most accurate and comprehensive description of the quantisation of charge among the
choices is that charge cannot exist as a fraction of the elementary charge e. Therefore, option
(A) is the best answer.

Quick Tip

Distinguish between the three fundamental properties of charge: 1. Quantisation:
Charge comes in integer multiples of e. (Q = ne). 2. Conservation: The total charge
of an isolated system remains constant. 3. Additivity: The total charge of a system is
the algebraic sum of individual charges.

21. Electric field lines provide information about

(A) field strength
(B) direction
(C) nature of charge
(D) all of these

Correct Answer: (D) all of these

Solution:

Step 1: Understanding the Concept:
Electric field lines are a visual tool used to represent electric fields. They have several properties
that convey information about the field and the charges creating it.

23



Step 2: Detailed Explanation:
Let’s examine what information can be obtained from electric field lines:
(A) Field strength: The density of the electric field lines (how close they are to one another)
in a region is proportional to the magnitude, or strength, of the electric field in that region.
Where the lines are close together, the field is strong; where they are far apart, the field is
weak.
(B) Direction: The tangent to an electric field line at any point gives the direction of the
electric field vector E⃗ at that point. The arrowhead on the line indicates the direction of the
force that would be exerted on a positive test charge.
(C) Nature of charge: Electric field lines originate from positive charges and terminate on
negative charges (or extend to infinity). By observing the pattern of where lines begin and end,
we can determine the location and nature (positive or negative) of the source charges.
Since electric field lines provide information about field strength, direction, and the nature of
the charge, all the given options are correct.

Step 3: Final Answer:
Electric field lines provide information about all the listed properties. Therefore, option (D) is
the correct answer.

Quick Tip

Remember these key rules for electric field lines: 1. They point from positive to negative.
2. They never cross each other. 3. Their density indicates field strength. 4. They are
perpendicular to the surface of conductors in electrostatic equilibrium.

22. Nickel is

(A) Paramagnetic
(B) Diamagnetic
(C) Ferromagnetic
(D) None of these

Correct Answer: (C) Ferromagnetic

Solution:

Step 1: Understanding the Concept:
Materials are classified based on their behavior in an external magnetic field. The main cate-
gories are diamagnetic, paramagnetic, and ferromagnetic.

Step 2: Detailed Explanation:
- Diamagnetic materials are weakly repelled by a magnetic field. They have a magnetic per-
meability slightly less than that of a vacuum. Examples include water, copper, and bismuth.
- Paramagnetic materials are weakly attracted to a magnetic field. They have a magnetic
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permeability slightly greater than that of a vacuum. Examples include aluminum, platinum,
and oxygen.
- Ferromagnetic materials are very strongly attracted to a magnetic field and can be perma-
nently magnetized. They have a very high magnetic permeability. The atoms in these materials
have magnetic moments that align in large regions called domains.
Nickel (Ni) is one of the three common elements, along with Iron (Fe) and Cobalt (Co), that
exhibit ferromagnetism at room temperature.

Step 3: Final Answer:
Nickel is a ferromagnetic material. Therefore, option (C) is correct.

Quick Tip

Remember the ”big three” ferromagnetic elements: Iron (Fe), Cobalt (Co), and Nickel
(Ni). These are the most common examples asked in exams.

23. The angle between magnetic meridian and geographical meridian is called

(A) angle of dip
(B) declination
(C) horizontal component of magnetic field
(D) apparent angle of dip

Correct Answer: (B) declination

Solution:

Step 1: Understanding the Concept:
This question asks for the definition of one of the elements of Earth’s magnetic field, which are
used to describe the field at any point on the Earth’s surface.

Step 2: Detailed Explanation:
Let’s define the key terms:
-Geographical Meridian: An imaginary vertical plane passing through a point on the Earth’s
surface and the Earth’s axis of rotation (i.e., passing through the geographic North and South
poles). It defines the direction of true north.
- Magnetic Meridian: An imaginary vertical plane at a point on the Earth’s surface which
contains the direction of the horizontal component of the Earth’s magnetic field. A freely sus-
pended compass needle aligns itself in this plane. It defines the direction of magnetic north.
- Angle of Declination (θ): The angle between the geographical meridian and the magnetic
meridian at a place. It is the angle by which a compass needle deviates from true north.
- Angle of Dip (δ): The angle between the direction of the Earth’s total magnetic field and
the horizontal direction in the magnetic meridian.
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The question asks for the angle between the magnetic meridian and the geographical meridian,
which is the definition of the angle of declination.

Step 3: Final Answer:
The angle between the magnetic meridian and geographical meridian is called declination.
Therefore, option (B) is correct.

Quick Tip

Think of it this way: Declination tells you how much to deviate your compass from true
north. Dip tells you how much the magnetic field vector dips below the horizontal.

24. The radius of curvature of each surface of a biconvex lens is 20 cm and the
refractive index of the material of the lens is 1.5. The focal length of the lens is

(A) 20 m
(B) 1/20 m
(C) 20 cm
(D) 1/20 cm

Correct Answer: (C) 20 cm

Solution:

Step 1: Understanding the Concept:
The problem requires finding the focal length of a biconvex lens given its radii of curvature and
refractive index. This can be solved using the Lens Maker’s Formula.

Step 2: Key Formula or Approach:
The Lens Maker’s Formula is:

1

f
= (µ− 1)

(
1

R1
− 1

R2

)
where: f = focal length of the lens µ = refractive index of the lens material with respect to
the surrounding medium (air, in this case) R1 = radius of curvature of the first surface (where
light enters) R2 = radius of curvature of the second surface

Step 3: Detailed Explanation:
Given data: - Type of lens: Biconvex - Refractive index, µ = 1.5 - Radius of curvature of each
surface = 20 cm.
We must apply the Cartesian sign convention. Assume light travels from left to right. - For the
first surface (left), it is convex towards the incident light. Its center of curvature is on the right
side. Thus, R1 = +20 cm. - For the second surface (right), it is also convex, but its center of
curvature is on the left side. Thus, R2 = −20 cm.
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Now, substitute these values into the Lens Maker’s Formula:

1

f
= (1.5− 1)

(
1

+20
− 1

−20

)
1

f
= (0.5)

(
1

20
+

1

20

)
1

f
= (0.5)

(
2

20

)
1

f
=
(
1

2

)(
1

10

)
1

f
=

1

20

Therefore, the focal length is:
f = 20 cm

Step 4: Final Answer:
The focal length of the lens is 20 cm. This corresponds to option (C).

Quick Tip

For a symmetric biconvex lens (R1 = R,R2 = −R) made of a material with µ = 1.5, the
focal length is simply equal to the radius of curvature (f = R). This is a useful shortcut
to remember for quick checks.

25. Which physical quantity will be the same for an electron and a photon of the
same wavelength?

(A) Velocity
(B) Energy
(C) Momentum
(D) Angular momentum

Correct Answer: (C) Momentum

Solution:

Step 1: Understanding the Concept:
This question deals with the wave-particle duality, specifically the de Broglie wavelength for
matter particles (like electrons) and the properties of photons. We need to compare different
physical quantities for an electron and a photon that share the same wavelength λ.

Step 2: Key Formula or Approach:
The key relationship connecting wavelength and momentum is the de Broglie relation, which
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applies to both matter particles and photons.

p =
h

λ

where p is momentum, h is Planck’s constant, and λ is the wavelength.

Step 3: Detailed Explanation:
Let’s analyze each quantity for an electron and a photon with the same wavelength λ.
(A) Velocity: A photon always travels at the speed of light, c. An electron has rest mass, so
its speed v must be less than c. Therefore, their velocities are not the same.
(B) Energy: - The energy of a photon is given by Ephoton = hf = hc

λ . - The kinetic energy of

a non-relativistic electron is Eelectron = p2

2m =
(h/λ)2

2m = h2

2mλ2 . Since the formulas are different,
their energies will not be the same.
(C) Momentum: - The momentum of a photon is given by pphoton = h

λ . - The de Broglie

momentum of an electron is given by pelectron = h
λ . Since both h and λ are the same for the

electron and the photon, their momenta must be equal.
(D) Angular momentum: This quantity is not inherently defined just by wavelength and
would depend on other conditions (like orbital motion), so it is not guaranteed to be the same.

Step 4: Final Answer:
For the same wavelength λ, both the electron and the photon will have the same momentum,
p = h/λ. Thus, option (C) is correct.

Quick Tip

The de Broglie relation p = h/λ is universal. It’s the bridge that connects the particle
property (momentum, p) to the wave property (wavelength, λ) for any quantum entity,
whether it’s a photon or a particle with mass.

26. The function of moderator in nuclear reactor is to

(A) Slow the speed of neutrons
(B) Fast the speed of neutrons
(C) Slow the speed of electrons
(D) Fast the speed of electrons

Correct Answer: (A) Slow the speed of neutrons

Solution:

Step 1: Understanding the Concept:
A nuclear reactor generates energy through a controlled nuclear chain reaction. In reactors
using uranium-235, the fission process is most efficiently initiated by slow-moving neutrons,
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often called thermal neutrons.

Step 2: Detailed Explanation:
The fission of a uranium nucleus releases high-energy, fast-moving neutrons.
These fast neutrons are not very effective at causing fission in other uranium nuclei, as the
probability of capture and fission is much lower at high energies.
To sustain the chain reaction efficiently, these fast neutrons must be slowed down to thermal
energies.
The material used for this purpose is called a moderator.
The moderator consists of light nuclei (like hydrogen in water or carbon in graphite) that slow
down the neutrons through a series of elastic collisions without absorbing them.
Therefore, the primary function of a moderator is to reduce the kinetic energy, or slow the
speed, of fast neutrons.

Step 3: Final Answer:
Based on the explanation, the function of a moderator is to slow the speed of neutrons to
sustain the nuclear chain reaction. Thus, option (A) is correct.

Quick Tip

Commonly used moderators in nuclear reactors are ordinary water (H2O), heavy water
(D2O), and graphite. Remember that the moderator’s job is to ’moderate’ or slow down
the neutron speed, not to absorb them (that’s the job of control rods, which are made of
neutron-absorbing materials like Cadmium or Boron).

27. The impurity element used for p-type semiconductor is

(A) Boron
(B) Bismuth
(C) Arsenic
(D) Phosphorus

Correct Answer: (A) Boron

Solution:

Step 1: Understanding the Concept:
Semiconductors like Silicon (Si) and Germanium (Ge) belong to Group 14 of the periodic table
and are tetravalent (have 4 valence electrons). Their electrical conductivity can be significantly
increased by adding a small amount of a suitable impurity, a process called doping. This creates
extrinsic semiconductors.

Step 2: Detailed Explanation:
p-type semiconductor: This type is formed when a tetravalent semiconductor (like Si) is
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doped with a trivalent impurity (an element with 3 valence electrons, from Group 13). The
trivalent impurity atom replaces a silicon atom in the crystal lattice. It forms covalent bonds
with three neighboring Si atoms, but there is a deficiency of one electron to bond with the
fourth Si atom. This deficiency is called a ”hole,” which acts as a positive charge carrier.
n-type semiconductor: This type is formed by doping with a pentavalent impurity (an
element with 5 valence electrons, from Group 15). The fifth electron is loosely bound and can
easily become a free electron, acting as a negative charge carrier.

Step 3: Analyzing the Options:
(A) Boron (B): Belongs to Group 13, it is trivalent. Doping with Boron creates holes, result-
ing in a p-type semiconductor.
(B) Bismuth (Bi): Belongs to Group 15, it is pentavalent. Used for n-type doping.
(C) Arsenic (As): Belongs to Group 15, it is pentavalent. Used for n-type doping.
(D) Phosphorus (P): Belongs to Group 15, it is pentavalent. Used for n-type doping.

Step 4: Final Answer:
To create a p-type semiconductor, a trivalent impurity is required. Among the given options,
only Boron is a trivalent element. Therefore, option (A) is correct.

Quick Tip

A helpful mnemonic to remember dopants is: B-Al-Ga-In-Tl (Elements of Group 13)
are trivalent impurities that create p-type semiconductors (they are acceptor atoms).
P-As-Sb-Bi (Elements of Group 15) are pentavalent impurities that create n-type semi-
conductors (they are donor atoms).

28. Diode is used as

(A) Amplifier
(B) Oscillator
(C) Modulator
(D) Rectifier

Correct Answer: (D) Rectifier

Solution:

Step 1: Understanding the Concept:
A semiconductor diode (typically a p-n junction diode) is a two-terminal electronic component
whose fundamental characteristic is that it allows electric current to flow easily in one direction
(forward bias) while severely restricting it in the opposite direction (reverse bias).

Step 2: Detailed Explanation:
This property of allowing unidirectional current flow is the key principle behind rectification.
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Rectification is the process of converting alternating current (AC), which periodically reverses
its direction, into direct current (DC), which flows in only one direction.
A diode, when placed in an AC circuit, acts like a one-way electrical valve. It allows either the
positive or negative half-cycles of the AC waveform to pass through while blocking the other
half. This converts the AC into a pulsating DC.

Step 3: Analyzing the Options:
(A) Amplifier: A device that increases the amplitude of an electrical signal. This is the pri-
mary function of a transistor.
(B) Oscillator: A circuit that produces a continuous, repeated, alternating waveform without
any input. Transistors or op-amps are typically used.
(C) Modulator: A device used in communications to superimpose a message signal onto a
high-frequency carrier wave.
(D) Rectifier: A device that converts AC to DC. This is the most fundamental application of
a diode.

Step 4: Final Answer:
The primary and most common application of a diode is to function as a rectifier due to its
ability to conduct current in only one direction. Therefore, option (D) is correct.

Quick Tip

Think of the arrow in the diode’s circuit symbol. The arrow points in the direction of
conventional current flow (from the p-side/anode to the n-side/cathode). This visual cue
helps to remember its function as a one-way gate for current, which is the essence of
rectification.

29. Three capacitors of capacitance 6 µF are available. The minimum and maxi-
mum capacitances obtained are

(A) 3 F, 12 F
(B) 2 F, 12 F
(C) 2 µF, 18µF
(D) 6 F, 18 F

Correct Answer: (C) 2 µF, 18µF

Solution:

Step 1: Understanding the Concept:
To obtain the maximum equivalent capacitance from a set of capacitors, they should be con-
nected in parallel. To obtain the minimum equivalent capacitance, they should be connected
in series.

31



Step 2: Key Formula or Approach:
Given three capacitors, each with capacitance C = 6µF .
For Parallel Combination (Maximum Capacitance): The equivalent capacitance Cp is
the sum of individual capacitances.

Cmax = C1 + C2 + C3

For Series Combination (Minimum Capacitance): The reciprocal of the equivalent ca-
pacitance Cs is the sum of the reciprocals of individual capacitances.

1

Cmin
=

1

C1
+

1

C2
+

1

C3

Step 3: Detailed Explanation:
Calculation for Maximum Capacitance (Parallel):
Connect all three 6 µF capacitors in parallel.

Cmax = 6µF + 6µF + 6µF = 18µF

Calculation for Minimum Capacitance (Series):
Connect all three 6 µF capacitors in series.

1

Cmin
=

1

6
+

1

6
+

1

6
=

1 + 1 + 1

6
=

3

6
=

1

2

To find Cmin, we take the reciprocal:

Cmin = 2µF

Step 4: Final Answer:
The minimum capacitance obtained is 2 µF, and the maximum capacitance obtained is 18 µF.
Therefore, option (C) is the correct choice.

Quick Tip

Remember that the rules for combining capacitors are the opposite of those for resistors.
Capacitors in parallel add up like resistors in series (Ceq = C1+C2+ . . .). Capacitors in
series use the reciprocal formula, like resistors in parallel (1/Ceq = 1/C1 +1/C2 + . . .).

30. The root mean square (r.m.s) value of alternating current equation I = 60 sin
100 t is

(A) 602
(B) 30
(C) 100
(D) Zero

Correct Answer: (The calculated answer is 302, which is not an option. Option B is likely
the intended answer if the peak current was 302.)
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Solution:

Step 1: Understanding the Concept:
The root mean square (r.m.s) value of an alternating current (AC) represents the effective DC
value that would deliver the same average power to a resistor. For a sinusoidal current, it is
directly related to its peak (maximum) value.

Step 2: Key Formula or Approach:
The general equation for a sinusoidal AC is given by:

I(t) = I0 sin(ωt)

where I0 is the peak amplitude or maximum current.
The r.m.s value (Irms) is related to the peak current by the formula:

Irms =
I0√
2

Step 3: Detailed Explanation:
The given equation for the current is I = 60 sin(100πt).
By comparing this with the standard form I = I0 sin(ωt), we can identify the peak current:

I0 = 60A

Now, we apply the formula for the r.m.s value:

Irms =
I0√
2
=

60√
2

To simplify this expression, we rationalize the denominator by multiplying the numerator and
denominator by

√
2:

Irms =
60√
2
×

√
2√
2
=

60
√
2

2
= 30

√
2A

Step 4: Final Answer:
The calculated r.m.s value is 30

√
2 A, which is approximately 42.4 A. This value does not

match any of the given options. There appears to be an error in the question or the options.
In such cases in an exam, it is common that there was a typo in the question. For instance, if

the equation had been I = 30
√
2 sin(100πt), then Irms would be 30

√
2√

2
= 30 A, matching option

(B). Given the choices, it’s highly probable this was the intended question. However, based
strictly on the question provided, none of the options is correct.

Quick Tip

The RMS value for a sinusoidal waveform is always the peak value divided by
√
2 (ap-

proximately 0.707 times the peak value). Conversely, the peak value is
√
2 times the RMS

value. This is a crucial relationship in AC circuit analysis. When your answer doesn’t
match, double-check your calculation and then look for plausible typos in the question.
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31. The impedance of L-R circuit is

(A) R2 + ω2L2

(B) R + ωL
(C)

√
R + ωL

(D)
√
R2 + ω2L2

Correct Answer: (D)
√
R2 + ω2L2

Solution:

Step 1: Understanding the Concept:
Impedance (Z) is the total opposition that a circuit presents to the flow of alternating current.
In a series L-R circuit, it arises from two sources: the resistance (R) of the resistor and the
inductive reactance (XL) of the inductor. These two quantities do not add arithmetically be-
cause the voltage across the resistor is in phase with the current, while the voltage across the
inductor leads the current by 90 degrees.

Step 2: Key Formula or Approach:
The resistance is R.
The inductive reactance is given by XL = ωL, where ω is the angular frequency of the AC
supply.
Since R and XL are out of phase by 90°, they are combined as vectors (or phasors) using
the Pythagorean theorem. This can be visualized using an impedance triangle where R is the
adjacent side, XL is the opposite side, and Z is the hypotenuse.

Z =

√
R2 +X2

L

Step 3: Detailed Explanation:
Substitute the expression for inductive reactance (XL = ωL) into the general formula for
impedance:

Z =
√

R2 + (ωL)2

This simplifies to:

Z =
√

R2 + ω2L2

Step 4: Final Answer:
Comparing the derived expression with the given options, we see that option (D) correctly
represents the impedance of a series L-R circuit.

Quick Tip

For any series RLC circuit, the impedance is Z =
√

R2 + (XL −XC)2. For an L-R

circuit, there is no capacitor, so XC = 0, which simplifies the formula to Z =
√

R2 +X2
L.

For an R-C circuit, XL = 0, so Z =
√

R2 + (−XC)2 =
√

R2 +X2
C .
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32. The radius of a circular current loop is made double and the current is made
half. The magnetic moment of the loop will become

(A) Halved
(B) Doubled
(C) Four times large
(D) None of these

Correct Answer: (B) Doubled

Solution:

Step 1: Understanding the Concept:
The magnetic dipole moment (µ) of a current loop is a vector quantity that measures the
strength and orientation of the magnetic field produced by the loop. Its magnitude is the
product of the current flowing in the loop and the area enclosed by the loop.

Step 2: Key Formula or Approach:
The formula for the magnetic moment (µ) of a current loop is:

µ = I · A

where I is the current and A is the area of the loop.
For a circular loop of radius r, the area is A = πr2.
Therefore, the formula becomes:

µ = Iπr2

Step 3: Detailed Explanation:
Let the initial conditions be: Initial current = I
Initial radius = r
So, the initial magnetic moment is µinitial = Iπr2.

Now, the conditions are changed as follows: New current, I ′ = I
2 (halved)

New radius, r′ = 2r (doubled)

Let’s calculate the new magnetic moment (µnew) with these new values:

µnew = I ′ · π(r′)2

Substitute the expressions for I ′ and r′:

µnew =

(
I

2

)
· π(2r)2

µnew =

(
I

2

)
· π(4r2)

Rearrange the terms:

µnew =
(
4

2

)
· (Iπr2)
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µnew = 2 · (Iπr2)

Since µinitial = Iπr2, we can write:

µnew = 2 · µinitial

Step 4: Final Answer:
The new magnetic moment is twice the initial magnetic moment. Therefore, the magnetic
moment of the loop will be doubled. Option (B) is correct.

Quick Tip

For problems involving proportional changes, you can analyze the dependencies. Here,
µ ∝ I and µ ∝ r2. So, µ ∝ Ir2. The new moment µ′ will be proportional to I ′(r′)2 =
(12I)(2r)

2 = (12)(4)Ir
2 = 2Ir2. Thus, the new moment is twice the original.

33. The self-inductance of a choke coil is 5 henry. The current through it is in-
creasing at a rate of 2 AS−1. The self-induced emf in the choke coil will be

(A) 2.5 V
(B) 5 V
(C) - 10 V
(D) 10 V

Correct Answer: (C) - 10 V

Solution:

Step 1: Understanding the Concept:
According to Faraday’s law of induction and Lenz’s law, when the current through an inductor
changes, a back electromotive force (emf) is induced across it. This self-induced emf opposes
the change in current.

Step 2: Key Formula or Approach:
The self-induced emf (ϵ) in an inductor is given by the formula:

ϵ = −L
dI

dt

where:
L is the self-inductance of the coil.
dI
dt is the rate of change of current.
The negative sign indicates that the induced emf opposes the change in current (Lenz’s Law).

Step 3: Detailed Explanation:
Given values are:
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Self-inductance, L = 5 H.
Rate of increase of current, dI

dt = 2 A/s.

Substitute these values into the formula:

ϵ = −(5H)× (2A/s)

ϵ = −10V

Step 4: Final Answer:
The self-induced emf in the choke coil is -10 V. The negative sign signifies that the emf is
induced in a direction that opposes the increase in current. Therefore, option (C) is the correct
answer.

Quick Tip

Remember Lenz’s law is represented by the negative sign in the formula ϵ = −LdI
dt . If the

question asks for the magnitude of the induced emf, the answer would be 10 V. However,
since -10 V is an option, it is the more precise answer as it includes the direction (polarity)
of the emf.

34. Magnetic moment of the earth is

(A) 8.0 JT−1

(B) 11.5 JT−1

(C) πJT−1

(D) 8.0 x 1022 JT−1

Correct Answer: (D) 8.0 x 1022 JT−1

Solution:

Step 1: Understanding the Concept:
The Earth behaves like a large magnet with a magnetic field extending into space. This mag-
netic field is generated by the motion of molten iron alloys in its outer core. The strength of
this magnetic field is quantified by its magnetic dipole moment. This is a factual, standard
value in physics.

Step 2: Detailed Explanation:
The magnetic moment of the Earth has been measured through various geophysical methods.
The currently accepted approximate value for the Earth’s magnetic dipole moment is about
8.0× 1022 Joules per Tesla (J T−1).
The unit J T−1 is equivalent to Ampere-meter squared (A m2), which is the standard SI unit
for magnetic moment.
Let’s check the options:
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(A), (B), and (C) present values that are drastically different in magnitude from the known
value.
(D) provides the correct order of magnitude and the standard value for the Earth’s magnetic
moment.

Step 3: Final Answer:
The accepted value for the magnetic moment of the Earth is approximately 8.0× 1022 J T−1.
Therefore, option (D) is correct.

Quick Tip

Some physical constants and standard values, like the charge of an electron, Planck’s
constant, and the magnetic moment of the Earth, are often asked in exams. It’s beneficial
to memorize the approximate values and their orders of magnitude.

35. The phase difference between electric wave and magnetic wave in the electro-
magnetic wave is

(A) π
(B) π

2
(C) π

3
(D) Zero

Correct Answer: (D) Zero

Solution:

Step 1: Understanding the Concept:
An electromagnetic (EM) wave consists of oscillating electric field (E⃗) and magnetic field (B⃗)
vectors. These fields are perpendicular to each other and also perpendicular to the direction of
wave propagation. A key characteristic of EM waves is the relationship between the phases of
these two fields.

Step 2: Detailed Explanation:
According to Maxwell’s equations for EM waves in a vacuum or free space, the electric and
magnetic fields are always in phase. This means that they reach their maximum values at the
same time and at the same point in space. Similarly, they both pass through zero and reach
their minimum values simultaneously.
If the electric field is described by E = E0 sin(kx−ωt), the magnetic field will be described by
B = B0 sin(kx− ωt).
The phase for both waves is the term (kx−ωt). Since the phase term is identical for both, the
phase difference between them is zero.
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Step 3: Final Answer:
The electric and magnetic fields in an electromagnetic wave oscillate in phase with each other.
Therefore, the phase difference between them is zero. Option (D) is correct.

Quick Tip

Remember the key properties of EM waves: 1. E⃗ and B⃗ are mutually perpendicular. 2.
The direction of propagation is given by E⃗ × B⃗. 3. E⃗ and B⃗ are always in phase (phase
difference is zero). 4. The ratio of their magnitudes is constant: E/B = c (speed of
light).

36. When the distance between source of light and screen is increased, then fringe
width

(A) increases
(B) decreases
(C) remains same
(D) none of these

Correct Answer: (A) increases

Solution:

Step 1: Understanding the Concept:
This question relates to the interference of light, typically observed in an experiment like
Young’s Double-Slit Experiment (YDSE). Fringe width is the distance between two consec-
utive bright or dark fringes on the screen.

Step 2: Key Formula or Approach:
The formula for the fringe width (β) in a double-slit interference pattern is:

β =
λD

d

where:
λ is the wavelength of the light used.
D is the distance between the slits (which act as the coherent sources) and the screen.
d is the distance between the two slits.

Step 3: Detailed Explanation:
The question states that the distance between the source of light (slits) and the screen is
increased. This corresponds to an increase in the value of D.
From the formula β = λD

d , we can see that the fringe width β is directly proportional to the
distance D, assuming λ and d are constant.

β ∝ D
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Therefore, if D increases, the fringe width β will also increase. This means the bright and dark
fringes on the screen will become more spread out.

Step 4: Final Answer:
Since the fringe width is directly proportional to the distance between the source and the screen,
increasing this distance will cause the fringe width to increase. Option (A) is correct.

Quick Tip

To get wide, easily visible fringes, you should increase the screen distance (D) and use
light with a longer wavelength (λ), while keeping the slit separation (d) small. This
relationship β = λD/d is fundamental to wave optics problems.

37. The unit of radioactivity is

(A) MeV
(B) curie
(C) a.m.u.
(D) joule

Correct Answer: (B) curie

Solution:

Step 1: Understanding the Concept:
Radioactivity (or simply activity) of a radioactive sample is defined as the rate at which the nu-
clei of its constituent atoms decay. It is a measure of the number of disintegrations per unit time.

Step 2: Detailed Explanation:
Let’s analyze the units given in the options:
(A) MeV (Mega-electron Volt): This is a unit of energy, commonly used in nuclear physics.
1MeV = 1.602× 10−13 Joules. It is not a unit of decay rate.
(B) Curie (Ci): This is a traditional unit of radioactivity. It is defined as 1Ci = 3.7 × 1010

decays per second. It is a valid unit for radioactivity.
(C) a.m.u. (atomic mass unit): This is a unit of mass, used for atomic and subatomic
particles. 1 a.m.u. ≈ 1.66× 10−27 kg. It is not a unit of decay rate.
(D) Joule (J): This is the SI unit of energy or work. It is not a unit of decay rate.

The SI unit of radioactivity is the Becquerel (Bq), where 1 Bq = 1 decay per second. The Curie
is a larger, non-SI unit that is still widely used.

Step 3: Final Answer:
Among the given options, only the curie is a unit used to measure radioactivity. Therefore,
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option (B) is correct.

Quick Tip

Be careful to distinguish between units of energy (Joule, eV, MeV) and units of activ-
ity/radioactivity (Becquerel, Curie). Activity measures the ’how fast’ of decay, while
energy measures the ’how much’ energy is released per decay.

38. Which of the following has the highest penetrating power?

(A) α-rays
(B) β-rays
(C) γ-rays
(D) Cathode rays

Correct Answer: (C) γ-rays

Solution:

Step 1: Understanding the Concept:
Penetrating power is the ability of a form of radiation to pass through matter. The more a
particle or ray interacts with the atoms of the material it passes through, the more quickly it
loses its energy and the lower its penetrating power.

Step 2: Detailed Explanation:
Let’s compare the penetrating power of the given radiations:
(A) α-rays (Alpha particles): These are helium nuclei (42He). They have a large mass and
a double positive charge (+2e). Due to their strong charge and large size, they interact very
strongly with matter through ionization. They lose their energy over a very short distance and
have the lowest penetrating power. They can be stopped by a sheet of paper or even the outer
layer of skin.
(B) β-rays (Beta particles): These are high-speed electrons or positrons. They are much
lighter than alpha particles and have a single charge (-e or +e). They interact less strongly with
matter than alpha particles, so they can penetrate further. They have a medium penetrating
power and can be stopped by a few millimeters of aluminum.
(C) γ-rays (Gamma rays): These are high-energy photons (electromagnetic radiation). They
have no mass and no charge. Because they are uncharged, they do not interact strongly via
electrostatic forces and penetrate deeply into matter. They have the highest penetrating power
and require thick layers of dense materials like lead or concrete to be significantly attenuated.
(D) Cathode rays: These are streams of electrons, essentially the same as beta particles but
typically with lower energies found in cathode ray tubes. Their penetrating power is less than
that of gamma rays and is comparable to beta particles.
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Step 3: Final Answer:
Comparing the four options, gamma rays have the least interaction with matter due to their lack
of charge and mass, giving them the highest penetrating power. Therefore, option (C) is correct.

Quick Tip

A simple way to remember the order of penetrating power is: γ > β > α. The opposite is
true for ionizing power: α > β > γ. The more ionizing a particle is, the less penetrating
it is.

39. Which range of frequency is used in TV transmission?

(A) 30 Hz - 300 Hz
(B) 30 kHz - 300 kHz
(C) 30 MHz - 300 MHz
(D) 30 GHz - 300 GHz

Correct Answer: (C) 30 MHz - 300 MHz

Solution:

Step 1: Understanding the Concept:
TV transmission requires a large bandwidth to carry both video (picture) and audio (sound)
information. This necessitates the use of high-frequency carrier waves. The electromagnetic
spectrum is divided into bands, and specific ranges are allocated for different communication
purposes.

Step 2: Detailed Explanation:
Let’s examine the frequency ranges given:
(A) 30 Hz - 300 Hz: This is the Extremely Low Frequency (ELF) range. These frequencies
are in the audible range for humans and have very long wavelengths. They are not suitable for
carrying the vast amount of information in a TV signal.
(B) 30 kHz - 300 kHz: This is the Low Frequency (LF) band. It is used for applications
like AM radio broadcasting and navigation systems. The bandwidth is still insufficient for
television.
(C) 30 MHz - 300 MHz: This is the Very High Frequency (VHF) band. This range provides
sufficient bandwidth for TV signals and is historically the primary band used for terrestrial
television broadcasting (e.g., channels 2-13 in North America).
(D) 30 GHz - 300 GHz: This is the Extremely High Frequency (EHF) band, also known
as millimeter waves. This range is used for high-speed microwave data links, radio astronomy,
and satellite communication, but not typically for conventional terrestrial TV broadcasting.

In addition to the VHF band, the Ultra High Frequency (UHF) band (300 MHz - 3 GHz) is also
used for TV transmission. However, the range given in option (C) is the correct and standard
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band used for television.

Step 3: Final Answer:
The frequency range corresponding to the Very High Frequency (VHF) band, which is 30 MHz
- 300 MHz, is used for TV transmission. Therefore, option (C) is correct.

Quick Tip

Remember the general order of the radio spectrum for communication: AM Radio (kHz),
FM Radio & TV (MHz), and Satellite & Wi-Fi (GHz). This helps in quickly eliminating
incorrect options in questions related to frequency bands.

40. The dispersive power of a prism depends on

(A) Angle of incidence
(B) Nature of material of prism
(C) Refracting angle of prism
(D) Angle of prism

Correct Answer: (B) Nature of material of prism

Solution:

Step 1: Understanding the Concept:
Dispersive power (ω) is a property of the material of a prism that quantifies its ability to sepa-
rate white light into its constituent colors (dispersion). It is defined as the ratio of the angular
dispersion (the difference in deviation angles for two extreme colors, typically violet and red)
to the deviation of a mean color (typically yellow).

Step 2: Key Formula or Approach:
The formula for dispersive power (ω) is:

ω =
Angular Dispersion

Mean Deviation
=

δV − δR
δY

For a prism with a small angle A, the angle of deviation δ is given by δ = (µ− 1)A, where µ is
the refractive index of the material.
Substituting this into the formula for ω:

ω =
(µV − 1)A− (µR − 1)A

(µY − 1)A

The prism angle A cancels out from the numerator and the denominator:

ω =
µV − µR
µY − 1
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Step 3: Detailed Explanation:
The final expression, ω = µV −µR

µY −1 , shows that the dispersive power depends only on the refractive
indices of the prism’s material for different wavelengths of light (µV , µR, µY ). The refractive
index is an intrinsic property of the material itself.
Therefore, the dispersive power depends on the nature of the material of the prism. It does
not depend on the geometric properties of the prism, such as its angle (A), nor on how the
light enters it, such as the angle of incidence.

Step 4: Final Answer:
Since dispersive power is determined solely by the refractive indices of the medium, it is a
characteristic property of the material of the prism. Therefore, option (B) is correct.

Quick Tip

A key takeaway is that dispersion (the separation of colors) depends on both the prism’s
angle and the material, but dispersive power is a specific ratio that is an intrinsic property
of the material alone. For example, a flint glass prism has a higher dispersive power than
a crown glass prism, regardless of their shapes.

41. LASER action needs

(A) High temperature
(B) Semiconductor
(C) High pressure
(D) Number inversion

Correct Answer: (D) Number inversion

Solution:

Step 1: Understanding the Concept:
LASER stands for Light Amplification by Stimulated Emission of Radiation. The core prin-
ciple behind a laser is creating a condition where stimulated emission is more probable than
absorption or spontaneous emission.

Step 2: Detailed Explanation:
For light amplification to occur, there must be more atoms or molecules in a higher energy
(excited) state than in a lower energy (ground or intermediate) state. This non-equilibrium
condition is known as population inversion or number inversion.
When population inversion is achieved, a photon passing through the medium is more likely to
trigger a stimulated emission (creating an identical photon) than to be absorbed. This leads to
a chain reaction and amplification of light.
Let’s analyze the other options:
(A) High temperature: Generally leads to thermal equilibrium, where lower energy states
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are more populated, preventing population inversion.
(B) Semiconductor: While semiconductors are used as the gain medium in diode lasers, they
are not a requirement for all types of lasers (e.g., gas lasers, crystal lasers).
(C) High pressure: Not a general requirement. In gas lasers, pressure is a critical parameter
but is not always high. High pressure can sometimes hinder laser action due to increased atomic
collisions.

Step 3: Final Answer:
Population inversion (or number inversion) is the fundamental and necessary condition for laser
action. Therefore, option (D) is correct.

Quick Tip

The key to LASER action is to have more atoms ”ready to emit” (in the excited state)
than atoms ”ready to absorb” (in the ground state). This special state is called population
inversion.

42. Light is a transverse wave because it shows

(A) Reflection
(B) Polarization
(C) Interference
(D) Diffraction

Correct Answer: (B) Polarization

Solution:

Step 1: Understanding the Concept:
Waves can be classified as transverse or longitudinal. In a transverse wave, the oscillations
are perpendicular to the direction of wave propagation. In a longitudinal wave, the oscilla-
tions are parallel to the direction of propagation. The question asks for the phenomenon that
uniquely demonstrates the transverse nature of light.

Step 2: Detailed Explanation:
(A) Reflection, (C) Interference, and (D) Diffraction are general properties of all types of
waves, both transverse and longitudinal. For example, sound waves, which are longitudinal,
also exhibit reflection (echo), interference, and diffraction. Therefore, these phenomena prove
that light has wave properties, but they do not specify its type.
(B) Polarization is the process of restricting the oscillations of a wave to a single plane. A
transverse wave has oscillations in a plane perpendicular to its motion, which allows these
oscillations to be filtered or restricted to a specific orientation. A longitudinal wave, whose
oscillations are along the direction of motion, has no such component to filter. Therefore, only

45



transverse waves can be polarized.

Step 3: Final Answer:
Since light can be polarized (e.g., using a Polaroid filter), it must be a transverse wave. Polar-
ization is the definitive proof of the transverse nature of light. Option (B) is correct.

Quick Tip

Remember that reflection, refraction, interference, and diffraction are common to all
waves. Polarization is the exclusive property of transverse waves. This makes it the key
phenomenon to distinguish between transverse and longitudinal waves.

43. The half-life of a radioactive isotope (210Bi) is 5 days. The fraction of the nuclei
undecayed at the end of 20 days will be

(A) 1
2

(B) 1
4

(C) 1
5

(D) 1
16

Correct Answer: (D) 1
16

Solution:

Step 1: Understanding the Concept:
The half-life (T1/2) of a radioactive isotope is the time it takes for half of the initial number of
nuclei to decay. After each half-life, the amount of the remaining substance is halved.

Step 2: Key Formula or Approach:
The fraction of nuclei remaining undecayed ( N

N0
) after a certain time t can be calculated using

the number of half-lives, n.

n =
Total time

Half-life
=

t

T1/2

The fraction remaining is then given by:

N

N0
=
(
1

2

)n

Step 3: Detailed Explanation:
Given values:
Half-life, T1/2 = 5 days.
Total time, t = 20 days.
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First, calculate the number of half-lives (n) that have passed in 20 days:

n =
20 days

5 days
= 4

So, 4 half-lives have occurred.

Now, calculate the fraction of undecayed nuclei:

N

N0
=
(
1

2

)4

=
1

2× 2× 2× 2
=

1

16

Step 4: Final Answer:
After 20 days (4 half-lives), the fraction of the nuclei remaining undecayed will be 1

16 . Option
(D) is correct.

Quick Tip

You can also think about this step-by-step: - After 5 days (1st half-life): 1/2 remains. -
After 10 days (2nd half-life): 1/4 remains. - After 15 days (3rd half-life): 1/8 remains. -
After 20 days (4th half-life): 1/16 remains.

44. The ratio of electric force and gravitational force acting between two charges
is in the order of

(A) 1042

(B) 1039

(C) 1036

(D) 1

Correct Answer: (C) 1036

Solution:

Step 1: Understanding the Concept:
This question compares the relative strengths of two fundamental forces: the electrostatic force
and the gravitational force. Since the question is general and does not specify the particles, we
can calculate the ratio for a common case, such as two protons.

Step 2: Key Formula or Approach:
Let’s consider two protons separated by a distance r.
The electric force (Fe) between them is given by Coulomb’s Law:

Fe = k
e2

r2
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The gravitational force (Fg) between them is given by Newton’s Law of Gravitation:

Fg = G
m2

p

r2

The ratio is:
Fe

Fg
=

ke2/r2

Gm2
p/r

2
=

ke2

Gm2
p

Step 3: Detailed Explanation:
We use the standard values for the constants:
- Coulomb’s constant, k ≈ 9× 109 N·m2/C2.
- Elementary charge, e ≈ 1.6× 10−19 C.
- Gravitational constant, G ≈ 6.67× 10−11 N·m2/kg2.
- Mass of a proton, mp ≈ 1.67× 10−27 kg.

Now, we calculate the ratio:

Fe

Fg
=

(9× 109)× (1.6× 10−19)2

(6.67× 10−11)× (1.67× 10−27)2

Fe

Fg
=

9× 2.56× 109−38

6.67× 2.79× 10−11−54
=

23.04× 10−29

18.6× 10−65

Fe

Fg
≈ 1.24× 1036

The ratio is of the order of 1036.

Step 4: Final Answer:
The ratio of the electric force to the gravitational force between two protons is on the order
of 1036. This demonstrates that the electric force is immensely stronger than the gravitational
force at the subatomic level. Option (C) matches this result.

Quick Tip

This is a classic comparison. Note that for two electrons, the ratio is ∼ 1042, and for a
proton-electron pair, it’s ∼ 1039. The question is often asked in the context of protons,
making 1036 a common answer to remember.

45. A charge ’q’ placed at the centre on the line joining two charges ’Q’ will be in
equilibrium if ’q’ will be equal to

(A) Q
2

(B) −Q
4

(C) −4Q
(D) +Q

4
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Correct Answer: (B) −Q
4

Solution:

Step 1: Understanding the Concept:
The question asks for the value of charge ’q’ such that the entire system of three charges is in
equilibrium. This means the net force on each of the three charges must be zero. A charge ’q’
placed at the center between two equal charges ’Q’ will always be in equilibrium by symmetry.
The crucial condition is to ensure that the charges ’Q’ are also in equilibrium.

Step 2: Key Formula or Approach:
Let the two charges ’Q’ be placed at x = −a and x = +a. The charge ’q’ is at the center,
x = 0. For the system to be in equilibrium, the net force on the charge Q at x = +a must be
zero.

F⃗net on Q at +a = F⃗due to Q at -a + F⃗due to q at 0 = 0

Step 3: Detailed Explanation:
The force exerted by the charge Q at x = −a on the charge Q at x = +a is:

FQQ = k
Q ·Q
(2a)2

= k
Q2

4a2

This force is repulsive and acts along the +x direction.

The force exerted by the charge q at x = 0 on the charge Q at x = +a is:

FqQ = k
q ·Q
a2

For the net force on Q to be zero, this force must be equal in magnitude and opposite in
direction to FQQ. Therefore, FqQ must be attractive, which implies that q and Q must have
opposite signs. So, q must be negative.

Setting the sum of forces to zero:

k
Q2

4a2
+ k

qQ

a2
= 0

k
qQ

a2
= −k

Q2

4a2

Cancel k,Q, and a2 from both sides:

q = −Q

4
Step 4: Final Answer:
For the entire system of three charges to be in equilibrium, the central charge q must be equal
to −Q/4. Option (B) is correct.

Quick Tip

For a system of charges to be in equilibrium, the net force on every charge must be zero.
Don’t just check the equilibrium for the central charge, which is a common mistake. The
stability of the outer charges is what determines the value of the central charge.
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46. What is the angle between the electric dipole moment p⃗ and the electric field
strength E⃗ when the dipole is in a stable equilibrium?

(A) π
4

(B) π
(C) π

2
(D) 0

Correct Answer: (D) 0

Solution:

Step 1: Understanding the Concept:
An electric dipole placed in a uniform electric field experiences a torque that tends to align it
with the field. The potential energy of the dipole depends on its orientation with respect to
the field. Equilibrium occurs when the torque is zero, and stable equilibrium corresponds to
the orientation with the minimum potential energy.

Step 2: Key Formula or Approach:
The torque (τ⃗) on a dipole is given by τ⃗ = p⃗× E⃗, with magnitude τ = pE sin θ.
The potential energy (U) of the dipole is given by U = −p⃗ · E⃗, with magnitude U = −pE cos θ.
Here, θ is the angle between the dipole moment p⃗ and the electric field E⃗.

Step 3: Detailed Explanation:
For equilibrium, the net torque must be zero. This occurs when τ = pE sin θ = 0, which means
sin θ = 0. This condition is met for two angles: θ = 0 and θ = π.
To determine stability, we look at the potential energy U = −pE cos θ.
- Stable equilibrium occurs when the potential energy is at a minimum. U is minimum when
cos θ is maximum (cos θ = +1). This happens when θ = 0.
- Unstable equilibrium occurs when the potential energy is at a maximum. U is maximum
when cos θ is minimum (cos θ = −1). This happens when θ = π.

Step 4: Final Answer:
The dipole is in stable equilibrium when the potential energy is minimum, which occurs when
the angle between p⃗ and E⃗ is 0. This means the dipole moment is aligned with the electric
field. Option (D) is correct.

Quick Tip

Think of a magnetic compass in the Earth’s magnetic field. It’s in stable equilibrium
when the north pole of the compass needle points towards the Earth’s magnetic north
pole (i.e., they are aligned). An electric dipole in an electric field behaves similarly.
Stable = Aligned (0◦), Unstable = Anti-aligned (180◦).
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47. Which of the following physical quantities is a vector?

(A) Electric flux
(B) Electric potential
(C) Electric potential energy
(D) Electric intensity

Correct Answer: (D) Electric intensity

Solution:

Step 1: Understanding the Concept:
A scalar quantity has only magnitude, while a vector quantity has both magnitude and di-
rection. We need to identify which of the given electrical quantities is a vector.

Step 2: Detailed Explanation:
(A) Electric flux (ΦE): It is the measure of the flow of the electric field through a given area.
It is defined by the dot product ΦE = E⃗ · A⃗. The dot product of two vectors results in a scalar.
So, electric flux is a scalar.
(B) Electric potential (V): It is the work done per unit charge to move a charge from a ref-
erence point to a specific point in an electric field. It is a scalar quantity, representing potential
energy per unit charge.
(C) Electric potential energy (U): It is a form of energy and, like all forms of energy, it is
a scalar quantity.
(D) Electric intensity: This is another term for the electric field strength (E⃗). The elec-
tric field at a point is defined as the force experienced by a unit positive charge placed at that
point. Since force is a vector, the electric field is also a vector, having both magnitude and
direction.

Step 3: Final Answer:
Among the given options, only electric intensity (electric field) is a vector quantity. Therefore,
option (D) is correct.

Quick Tip

Remember that quantities named ’potential’ or ’energy’ in physics are almost always
scalars. Quantities named ’field’ or ’force’ are vectors. ’Flux’ is a scalar resulting from a
vector field passing through a surface.

48. The value of maximum amplitude produced due to interference of two waves
given by Y1 = 4 sin(ωt) and Y2 = 3 cos(ωt) is
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(A) 7
(B) 5
(C) 1
(D) 25

Correct Answer: (B) 5

Solution:

Step 1: Understanding the Concept:
When two or more waves superpose, the resultant displacement is the vector sum of the indi-
vidual displacements. The amplitude of the resultant wave depends on the amplitudes of the
individual waves and the phase difference between them. The question asks for the amplitude
of the resultant wave formed by the superposition of Y1 and Y2.

Step 2: Key Formula or Approach:
The two waves are given by: Y1 = 4 sin(ωt) Y2 = 3 cos(ωt) = 3 sin(ωt+ π

2 ) The amplitudes are
A1 = 4 and A2 = 3. The phase difference between them is ϕ = π

2 (or 90 degrees).
The amplitude of the resultant wave (AR) is given by the formula for vector addition:

AR =

√
A2
1 + A2

2 + 2A1A2 cosϕ

Step 3: Detailed Explanation:
Substitute the values into the formula: A1 = 4, A2 = 3, and ϕ = π

2 .

AR =

√
42 + 32 + 2(4)(3) cos(

π

2
)

Since cos(π2 ) = 0, the last term becomes zero.

AR =
√

42 + 32 + 0

AR =
√
16 + 9 =

√
25

AR = 5

The resultant wave has an amplitude of 5. The term ”maximum amplitude” in the question
refers to the amplitude of this resulting wave.

Step 4: Final Answer:
The amplitude of the wave produced by the interference of the two given waves is 5. Therefore,
option (B) is correct.

Quick Tip

When two waves are given in sine and cosine form with the same frequency, they have
a phase difference of π/2. The resultant amplitude can be found quickly using the
Pythagorean theorem: AR =

√
A2
sin + A2

cos. In this case, AR =
√
42 + 32 = 5, which is

a common Pythagorean triple (3-4-5).
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49. The formula for magnetic energy density for a solenoid is

(A) B2

2µ0

(B) B
2µ0

(C) 2µ0

B2

(D) B
4πµ0

Correct Answer: (A) B2

2µ0

Solution:

Step 1: Understanding the Concept:
A current-carrying inductor stores energy in the magnetic field within it. Magnetic energy
density (uB) is the amount of this stored energy per unit volume.

Step 2: Key Formula or Approach:
The total energy (U) stored in an inductor of inductance L carrying a current I is U = 1

2LI
2.

For an ideal long solenoid, the inductance is L = µ0n
2Al and the magnetic field inside is

B = µ0nI, where n is the number of turns per unit length, A is the cross-sectional area, and l
is the length. The volume of the solenoid is V = Al.
The energy density is uB = U

V .

Step 3: Detailed Explanation:
From the magnetic field formula, we can express the current as I = B

µ0n
.

Now substitute the expressions for L and I into the energy formula:

U =
1

2
(µ0n

2Al)

(
B

µ0n

)2

U =
1

2
(µ0n

2Al)

(
B2

µ20n
2

)
Cancel out terms (n2 and one µ0):

U =
1

2

B2

µ0
(Al)

The energy density uB is the energy U divided by the volume V = Al:

uB =
U

V
=

1
2
B2

µ0
(Al)

Al

uB =
B2

2µ0

Step 4: Final Answer:
The formula for magnetic energy density inside a solenoid (and for any magnetic field in free

space) is B2

2µ0
. Option (A) is correct.
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Quick Tip

This formula is analogous to the electric energy density in a capacitor, which is uE =
1
2ϵ0E

2. Notice the similarity: B2 corresponds to E2, and 1/µ0 corresponds to ϵ0. This
can be a useful memory aid.

50. A convex lens of focal length 40 cm and a concave lens of focal length 20 cm
are in contact. The power of their combination in dioptre is

(A) 2.5
(B) -2.5
(C) 7.5
(D) -7.5

Correct Answer: (B) -2.5

Solution:

Step 1: Understanding the Concept:
When thin lenses are placed in contact, the power of the combination is the algebraic sum of
the powers of the individual lenses. The power of a lens is defined as the reciprocal of its focal
length in meters.

Step 2: Key Formula or Approach:
Power of a lens, P = 1

f(in meters)
. The unit of power is the dioptre (D).

For a combination of lenses in contact: Pcombination = P1 + P2.
Sign Convention: The focal length of a convex lens is positive, and the focal length of a concave
lens is negative.

Step 3: Detailed Explanation:
Lens 1 (Convex):
Focal length, f1 = +40 cm = +0.4 m.
Power, P1 =

1
+0.4 = 10

4 = +2.5 D.

Lens 2 (Concave):
Focal length, f2 = −20 cm = −0.2 m.
Power, P2 =

1
−0.2 = −10

2 = −5.0 D.

Power of the Combination:
Now, add the individual powers algebraically:

Pcombination = P1 + P2 = (+2.5) + (−5.0) = −2.5D

Step 4: Final Answer:
The power of the combination is -2.5 dioptres. The negative sign indicates that the combination
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acts as a concave (diverging) lens. Option (B) is correct.

Quick Tip

Always convert focal lengths to meters before calculating power in dioptres. Forgetting
this conversion is a very common mistake. Also, be careful with the sign convention:
convex is positive (+), concave is negative (-).

51. The reason for the phenomenon of interference is

(A) Phase difference
(B) Change in amplitude
(C) Velocity change
(D) Intensity change

Correct Answer: (A) Phase difference

Solution:

Step 1: Understanding the Concept:
Interference is a phenomenon in which two or more coherent waves (waves with a constant
phase difference) superpose to form a resultant wave of greater, lower, or the same amplitude.
The resulting intensity distribution is a modification of the individual wave intensities.

Step 2: Detailed Explanation:
The principle of superposition states that the resultant displacement at a point is the vector
sum of the displacements due to individual waves.
- If the waves arrive at a point in phase (e.g., crest meets crest), their amplitudes add up,
leading to constructive interference and maximum intensity.
- If the waves arrive at a point out of phase (e.g., crest meets trough), their amplitudes subtract,
leading to destructive interference and minimum intensity.
The outcome of the superposition (constructive or destructive) at any point depends entirely
on the phase difference between the waves arriving at that point. A constant phase difference
is the necessary condition for a stable and observable interference pattern.
The other options are consequences or unrelated concepts:
(B) Change in amplitude is the result of interference, not the cause.
(C) Velocity change is related to refraction.
(D) Intensity change is also a result of interference, not its cause.

Step 3: Final Answer:
The fundamental reason for interference patterns is the constant phase difference between the
superposing waves. Therefore, option (A) is correct.
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Quick Tip

Remember that interference is all about how waves ”line up”. This alignment is described
by their phase difference. A constant phase difference (coherence) is the key ingredient
for creating a stable interference pattern.

52. Which is used to produce polarised light?

(A) Prism of flint glass
(B) NaCl prism
(C) Nicol prism
(D) Biprism

Correct Answer: (C) Nicol prism

Solution:

Step 1: Understanding the Concept:
Polarization is the process of restricting the oscillations of a transverse wave (like light) to a
single plane. A device that produces polarized light from unpolarized light is called a polarizer.

Step 2: Detailed Explanation:
Let’s analyze the given options:
(A) Prism of flint glass: A standard glass prism is used for dispersion, i.e., separating white
light into its constituent colors. It does not polarize light.
(B) NaCl prism: A prism made of Sodium Chloride (rock salt) is transparent to infrared
radiation and is used in IR spectroscopy, not for polarizing visible light.
(C) Nicol prism: This is a specific type of polarizer made from a calcite crystal. It utilizes
the phenomenon of double refraction (birefringence) to separate an incident unpolarized light
beam into two rays (ordinary and extraordinary) and then eliminates the ordinary ray through
total internal reflection, allowing only the plane-polarized extraordinary ray to pass through.
(D) Biprism: A Fresnel biprism is used to produce two coherent sources of light from a single
source to demonstrate interference. It does not polarize light.

Step 3: Final Answer:
The Nicol prism is a device specifically designed to produce plane-polarized light. Therefore,
option (C) is correct.

Quick Tip

Associate optical devices with their primary functions: - Prism → Dispersion - Biprism
/ Double Slit → Interference - Diffraction Grating → Diffraction - Nicol Prism /
Polaroid → Polarization
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53. The symbol →| is the symbol of

(A) A diode
(B) n-type
(C) p-type
(D) transistor

Correct Answer: (A) A diode

Solution:

Step 1: Understanding the Concept:
Electronic components are represented by standard symbols in circuit diagrams. We need to
identify the component corresponding to the given symbol.

Step 2: Detailed Explanation:
The symbol →| represents a p-n junction diode.
- The arrow part of the symbol represents the p-type region (the anode) and indicates the
direction of conventional current flow when the diode is forward-biased.
- The vertical bar represents the n-type region (the cathode).
The other options are incorrect:
(B) n-type and (C) p-type are types of semiconductor materials, not components with this
specific symbol.
(D) A transistor is a three-terminal device (e.g., BJT or FET) and has a more complex symbol,
typically involving a circle with a base, collector, and emitter terminal.

Step 3: Final Answer:
The given symbol is the standard circuit symbol for a semiconductor diode. Therefore, option
(A) is correct.

Quick Tip

Remember the mnemonic ”ACID” - Anode Current Into Diode. The arrow points in the
direction of conventional current, from the Anode (P-side) to the Cathode (N-side).

54. Unit of amplification factor of transistor is

(A) volt
(B) ampere
(C) ohm
(D) no unit
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Correct Answer: (D) no unit

Solution:

Step 1: Understanding the Concept:
The amplification factor of a transistor is a measure of how much it amplifies current or voltage.
It is defined as a ratio of an output quantity to an input quantity.

Step 2: Detailed Explanation:
There are several amplification factors for a transistor, for example:
- Current amplification factor (β): In a common-emitter configuration, it is the ratio of
the change in collector current (∆IC) to the change in base current (∆IB).

β =
∆IC
∆IB

Since this is a ratio of two currents (Ampere/Ampere), the units cancel out.
- Voltage amplification factor (Av): This is the ratio of output voltage (Vout) to input
voltage (Vin).

Av =
Vout
Vin

This is a ratio of two voltages (Volt/Volt), so the units also cancel out.
In all cases, an amplification factor is a ratio of two quantities with the same units.

Step 3: Final Answer:
Since the amplification factor is a pure ratio, it is a dimensionless quantity and has no unit.
Therefore, option (D) is correct.

Quick Tip

Whenever you see a term like ”factor,” ”coefficient,” ”ratio,” or ”index” (e.g., refractive
index, efficiency, mechanical advantage) in physics, it is very likely to be a dimensionless
quantity with no units.

55. Which one of the following logic gates is universal logic gate?

(A) OR
(B) AND
(C) NOT
(D) NAND

Correct Answer: (D) NAND

Solution:
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Step 1: Understanding the Concept:
A universal logic gate is a logic gate that can be used, by itself, to implement any other type
of logic function or logic gate.

Step 2: Detailed Explanation:
The basic logic gates are AND, OR, and NOT. These can be combined to create any digital
logic circuit.
However, it has been shown that either the NAND gate or the NOR gate can be used to con-
struct all three basic logic gates:
- NOT gate from NAND: Connect both inputs of a NAND gate together.
- AND gate from NAND: Follow a NAND gate with a NOT gate (which is another NAND
gate).
- OR gate from NAND: Use three NAND gates according to De Morgan’s theorem.
Because any logic function can be built using only NAND gates, the NAND gate is considered
a universal gate. The same is true for the NOR gate.
The basic gates OR, AND, and NOT are not universal because, for example, you cannot create
an AND gate using only OR gates.

Step 3: Final Answer:
Out of the given options, the NAND gate is a universal logic gate. Therefore, option (D) is
correct.

Quick Tip

Remember that there are two universal logic gates: NAND and NOR. If a question
asks for a universal gate, the answer will always be one of these two.

56. Waves of UHF frequency are generally transmitted as

(A) ground waves
(B) sky waves
(C) surface waves
(D) space waves

Correct Answer: (D) space waves

Solution:

Step 1: Understanding the Concept:
Radio waves can propagate from a transmitting antenna to a receiving antenna through dif-
ferent modes, depending on their frequency. The main modes are ground wave, sky wave, and
space wave propagation.
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Step 2: Detailed Explanation:
- Ground waves (or surface waves): These waves follow the curvature of the Earth. This
mode is effective for low frequencies (up to about 2 MHz). As frequency increases, the attenu-
ation by the ground becomes very high.
- Sky waves: These waves are reflected back to Earth by the ionosphere. This mode is effective
for frequencies in the range of about 2 MHz to 30 MHz. Frequencies higher than this range
usually penetrate the ionosphere and are not reflected back.
- Space waves: These waves travel in a straight line from the transmitter to the receiver. This
is known as line-of-sight (LOS) communication. This mode is used for very high frequencies
(VHF), ultra-high frequencies (UHF), and microwaves (frequencies above 30 MHz). Since these
waves travel in straight lines, the curvature of the Earth limits the communication range. TV
broadcast and satellite communication use this mode.

UHF (Ultra High Frequency) ranges from 300 MHz to 3 GHz. These frequencies are too high
to be reflected by the ionosphere and are heavily attenuated as ground waves. Therefore, they
must be transmitted as space waves.

Step 3: Final Answer:
Waves of UHF frequency are transmitted via line-of-sight, which is known as space wave prop-
agation. Therefore, option (D) is correct.

Quick Tip

A simple frequency guide for propagation modes: - **Low Frequencies (kHz - 2 MHz):**
Ground Wave (e.g., AM Radio) - **Medium Frequencies ( 2 MHz - 30 MHz):** Sky Wave
(e.g., Shortwave Radio) - **High Frequencies (¿30 MHz):** Space Wave (e.g., FM Radio,
TV, Mobile Phones)

57. The law, governing the force acting between two electric charges known as

(A) Ampere’s law
(B) Ohm’s law
(C) Faraday’s law
(D) Coulomb’s law

Correct Answer: (D) Coulomb’s law

Solution:

Step 1: Understanding the Concept:
This question asks to identify the fundamental law of electrostatics that describes the force
between stationary electric charges.
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Step 2: Detailed Explanation:
(A) Ampere’s law: Relates the integrated magnetic field around a closed loop to the electric
current passing through the loop. It is a fundamental law of magnetostatics.
(B) Ohm’s law: States that the current through a conductor between two points is directly
proportional to the voltage across the two points (V = IR). It deals with electric circuits.
(C) Faraday’s law of induction: A fundamental law of electromagnetism that predicts how
a changing magnetic field will interact with an electric circuit to produce an electromotive force
(emf).
(D) Coulomb’s law: States that the magnitude of the electrostatic force of attraction or re-
pulsion between two point charges is directly proportional to the product of the magnitudes of
the charges and inversely proportional to the square of the distance between them. This is the
law that governs the force between electric charges.

Step 3: Final Answer:
The law that describes the force between two electric charges is Coulomb’s law. Therefore,
option (D) is correct.

Quick Tip

Associate the laws with their domains: - Coulomb → Force between static charges.
- Ohm → Voltage, current, resistance in circuits. - Ampere → Magnetic field from
current. - Faraday → Induced EMF from changing magnetic flux.

58. The value of electric potential at a distance r from a point charge is

(A) proportional to r
(B) inversely proportional to r
(C) proportional to r2

(D) inversely proportional to r2

Correct Answer: (B) inversely proportional to r

Solution:

Step 1: Understanding the Concept:
Electric potential (V ) at a point in an electric field is defined as the work done in bringing a
unit positive charge from infinity to that point. We need to find how this potential varies with
distance from a single point charge.

Step 2: Key Formula or Approach:
The electric potential V at a distance r from a source point charge q is given by the formula:

V =
1

4πϵ0

q

r
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where 1
4πϵ0

is Coulomb’s constant (k). So, V = k q
r .

Step 3: Detailed Explanation:
From the formula V = k q

r , we can see that for a given charge q, the potential V is inversely
proportional to the distance r.

V ∝ 1

r
This means that as the distance r from the charge increases, the electric potential decreases.
Option (D), inversely proportional to r2, describes the electric field strength (E ∝ 1/r2), not
the potential.

Step 4: Final Answer:
The electric potential due to a point charge is inversely proportional to the distance r from the
charge. Therefore, option (B) is correct.

Quick Tip

Don’t confuse electric field and electric potential. For a point charge: - **Field (E)** is
a vector and ∝ 1/r2. - **Potential (V)** is a scalar and ∝ 1/r. Remember: Field is the
’slope’ (derivative) of potential, which reduces the power of r by one.

59. The relation between the drift velocity (Vd) and applied electric field (E) of a
conductor is

(A) Vd ∝ E
(B) Vd ∝

√
E

(C) Vd ∝ E2

(D) Vd ∝
√
E3

Correct Answer: (A) Vd ∝ E

Solution:

Step 1: Understanding the Concept:
Drift velocity is the average velocity attained by charged particles, such as electrons, in a ma-
terial due to an electric field. In a conductor, free electrons move randomly. When an electric
field is applied, they experience a force that superimposes a small, directional ’drift’ on their
random motion.

Step 2: Key Formula or Approach:
The electric field E exerts a force F = eE on each free electron (charge e).
This force causes an acceleration a = F

m = eE
m , where m is the mass of the electron.

Between collisions with the lattice ions, the electron accelerates. The average time between
collisions is called the relaxation time (τ).
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The drift velocity Vd is the average velocity gained during this time, given by Vd = aτ .

Step 3: Detailed Explanation:
Substituting the expression for acceleration into the drift velocity equation:

Vd =

(
eE

m

)
τ

For a given conductor at a constant temperature, the charge e, mass m, and relaxation time τ

are all constants.
Therefore, the drift velocity Vd is directly proportional to the applied electric field E.

Vd ∝ E

Step 4: Final Answer:
The drift velocity is directly proportional to the applied electric field. Therefore, option (A) is
correct. This relationship is also the microscopic basis for Ohm’s law.

Quick Tip

Remember that drift velocity is a direct consequence of the force from the electric field.
In many simple models, effect is directly proportional to the cause. Here, the electric
field E is the cause, and the drift velocity Vd is the effect.

60. 64 identical drops each of capacity 5 µF combine to form a big drop. What
will be the capacity of the big drop?

(A) 25 µF
(B) 4 µF
(C) 164 µF
(D) 20 µF

Correct Answer: (D) 20 µF

Solution:

Step 1: Understanding the Concept:
When small charged conducting drops combine to form a larger drop, the total volume is con-
served. The capacitance of a spherical conductor is proportional to its radius. We can find the
radius of the big drop in terms of the small drops’ radius and then find its capacitance.

Step 2: Key Formula or Approach:
Let r be the radius and C be the capacity of each small drop.
Let R be the radius and C ′ be the capacity of the big drop.
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The capacity of a spherical conductor is given by C = 4πϵ0r.
The volume of n small drops equals the volume of the big drop:

n× 4

3
πr3 =

4

3
πR3

This simplifies to R = n1/3r.

Step 3: Detailed Explanation:
Given:
Number of drops, n = 64.
Capacity of each small drop, C = 5µF .

First, find the radius of the big drop (R) in terms of the small drop radius (r):

R = (64)1/3r = 4r

The radius of the big drop is 4 times the radius of a small drop.

Now, find the capacity of the big drop (C ′):

C ′ = 4πϵ0R

Substitute R = 4r:
C ′ = 4πϵ0(4r) = 4× (4πϵ0r)

Since C = 4πϵ0r, we have:
C ′ = 4× C

Finally, substitute the given value of C:

C ′ = 4× 5µF = 20µF

Step 4: Final Answer:
The capacity of the big drop will be 20 µF. Therefore, option (D) is correct.

Quick Tip

For n identical drops combining, the new radius is R = n1/3r, the new capacitance is
C ′ = n1/3C, and if the drops are charged, the new potential is V ′ = n2/3V . Memorizing
these relations can save time.

61. What is mainly measured by potentiometer?

(A) Current
(B) Resistance
(C) Potential difference
(D) All of these

64



Correct Answer: (C) Potential difference

Solution:

Step 1: Understanding the Concept:
A potentiometer is a device used for accurately measuring an unknown electromotive force
(e.m.f.) or potential difference by balancing it against a known potential difference.
It operates on the principle of null deflection, meaning it draws no current from the circuit
being measured at the point of balance.

Step 2: Detailed Explanation:
The working principle of a potentiometer is that the potential drop across any portion of a wire
of uniform cross-section and composition, carrying a constant current, is directly proportional
to its length.
When we measure the potential difference of a cell using a potentiometer, we find a ”null point”
on the potentiometer wire where the galvanometer shows zero deflection.
At this null point, the potential difference of the cell is exactly equal to the potential drop
across that length of the potentiometer wire.
Since no current is drawn from the cell at this point, the measurement is of the true e.m.f. or
potential difference, making it more accurate than a standard voltmeter.
While it can be adapted to measure current and resistance indirectly, its primary and main
function is the precise measurement of potential difference.

Step 3: Final Answer:
Based on its principle and primary application, a potentiometer is mainly used to measure
potential difference. Therefore, option (C) is the correct answer.

Quick Tip

Remember that a potentiometer is superior to a voltmeter because it measures the poten-
tial difference without drawing any current from the source circuit at the balance point.
This avoids the loading effect that can cause a voltmeter to read a slightly lower voltage.

62. If the distance between the two charges is increased, then the electrostatic
potential energy of the charges

(A) decreases
(B) increases
(C) may increase or decrease
(D) remains the same

Correct Answer: (C) may increase or decrease

Solution:
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Step 1: Understanding the Concept:
Electrostatic potential energy (U) of a system of two point charges is the work done in assem-
bling the charges from an infinite separation to their current positions.

Step 2: Key Formula or Approach:
The formula for the electrostatic potential energy between two point charges q1 and q2 sepa-
rated by a distance r is:

U = k
q1q2
r

where k is Coulomb’s constant.

Step 3: Detailed Explanation:
The change in potential energy when the distance r is increased depends on the product of
the charges q1q2, which is determined by whether the charges are like (both positive or both
negative) or unlike (one positive, one negative).

Case 1: Like Charges
If both charges are positive or both are negative, their product q1q2 is positive.

In this case, U = k
|q1q2|
r is positive. As the distance r increases, the value of the fraction 1

r
decreases. Consequently, the potential energy U decreases. This makes sense, as the repulsive
force does positive work when the charges move apart.

Case 2: Unlike Charges
If one charge is positive and the other is negative, their product q1q2 is negative.

In this case, U = −k
|q1q2|
r is negative. As the distance r increases, the value of 1

r decreases,
making U less negative (i.e., it moves closer to zero). A change from a more negative value
to a less negative value is an increase. This makes sense, as work must be done against the
attractive force to separate the charges.

Step 4: Final Answer:
Since the question does not specify whether the charges are like or unlike, the potential energy
may either increase (for unlike charges) or decrease (for like charges) when the distance is in-
creased. Thus, option (C) is correct.

Quick Tip

Think of it like forces: separating two things that repel each other (like charges) is ”easy”
and releases energy, so potential energy decreases. Separating two things that attract each
other (unlike charges) requires work, so potential energy increases.

63. Two resistors R and 2R are connected in series in an electric circuit. The
thermal energy developed in R and 2R will be in ratio
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(A) 1:2
(B) 1:4
(C) 2:1
(D) 4:1

Correct Answer: (A) 1:2

Solution:

Step 1: Understanding the Concept:
When current flows through a resistor, electrical energy is converted into thermal energy. This
is known as Joule heating.

Step 2: Key Formula or Approach:
The thermal energy (H) developed in a resistor is given by Joule’s law of heating:

H = I2Rt

where I is the current, R is the resistance, and t is the time for which the current flows.

Step 3: Detailed Explanation:
The two resistors, R1 = R and R2 = 2R, are connected in series.
In a series circuit, the current flowing through each component is the same. Let this current
be I.
The time t for which the current flows is also the same for both resistors.
Therefore, the thermal energy developed in each resistor is directly proportional to its resis-
tance (H ∝ R).

Let H1 be the energy developed in resistor R and H2 be the energy developed in resistor 2R.

H1 = I2Rt

H2 = I2(2R)t

To find the ratio of the thermal energy, we divide H1 by H2:

H1

H2
=

I2Rt

I2(2R)t

The terms I2 and t cancel out, leaving:

H1

H2
=

R

2R
=

1

2

So, the ratio of the thermal energy is 1 : 2.

Step 4: Final Answer:
The ratio of thermal energy developed in R and 2R is 1:2. Therefore, option (A) is correct.
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Quick Tip

For resistors in **series**, current is constant, so use H = I2Rt, which means H ∝ R.
For resistors in **parallel**, voltage is constant, so use H = V 2

R t, which means H ∝ 1
R .

64. A spherical mirror is immersed in water. Its focal length will

(A) decrease
(B) increase
(C) remain same
(D) none of these

Correct Answer: (C) remain same

Solution:

Step 1: Understanding the Concept:
The focal length of a spherical mirror is determined by the laws of reflection and the geometry
of the mirror’s surface.

Step 2: Key Formula or Approach:
The focal length (f) of a spherical mirror is related to its radius of curvature (R) by the formula:

f =
R

2

Step 3: Detailed Explanation:
The laws of reflection state that the angle of incidence is equal to the angle of reflection, and
these angles are measured with respect to the normal at the point of incidence. These laws are
independent of the medium in which the reflection occurs.
The formula f = R/2 shows that the focal length of a mirror depends only on its radius of
curvature (R), which is a physical property of the mirror’s shape.
Unlike a lens, whose focal length depends on the refractive index of its material and the sur-
rounding medium (as described by the Lens Maker’s Formula), a mirror’s focal length is purely
a geometric property.
Therefore, immersing a spherical mirror in water (or any other transparent medium) does not
change its radius of curvature, and consequently, its focal length remains the same.

Step 4: Final Answer:
Since the focal length of a spherical mirror depends only on its radius of curvature and not
on the surrounding medium, it will remain the same when immersed in water. Option (C) is
correct.
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Quick Tip

A common point of confusion is between mirrors and lenses. Remember: Mirror -¿
Reflection -¿ Focal length depends on geometry (R/2) -¿ Unaffected by medium. Lens
-¿ Refraction -¿ Focal length depends on refractive indices -¿ Affected by medium.

65. The coefficient of reflection for total internal reflection will be

(A) 0.5
(B) 1
(C) 0
(D) ∞

Correct Answer: (B) 1

Solution:

Step 1: Understanding the Concept:
Total Internal Reflection (TIR) is an optical phenomenon that occurs when a ray of light travel-
ing from a denser medium to a less dense medium strikes the boundary at an angle of incidence
greater than the critical angle.
The coefficient of reflection (or reflectivity) is the ratio of the reflected power (or intensity) to
the incident power (or intensity).

Step 2: Detailed Explanation:
When TIR occurs, the boundary between the two media acts like a perfect mirror. No light
is transmitted or refracted into the rarer medium; instead, the entire incident light is reflected
back into the denser medium.
Let Ii be the intensity of the incident light and Ir be the intensity of the reflected light.
The coefficient of reflection, r, is defined as:

r =
Ir
Ii

In the case of Total Internal Reflection, all the incident energy is reflected, so Ir = Ii.
Therefore, the coefficient of reflection is:

r =
Ii
Ii

= 1

This means 100% of the light is reflected.

Step 3: Final Answer:
For total internal reflection, the coefficient of reflection is 1. Therefore, option (B) is correct.
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Quick Tip

The word ”Total” in Total Internal Reflection is the key. It implies that 100% of the
light is reflected. A coefficient of 1 corresponds to 100%. This principle is used in optical
fibers to transmit light over long distances with minimal loss.

66. The final image formed by a terrestrial telescope is

(A) virtual and inverted compared to the object
(B) virtual and erect compared to the object
(C) real and erect compared to the object
(D) none of these

Correct Answer: (B) virtual and erect compared to the object

Solution:

Step 1: Understanding the Concept:
A terrestrial telescope is designed for viewing objects on Earth. A key requirement for this pur-
pose is that the final image must be upright (erect) relative to the object. This distinguishes
it from an astronomical telescope, where an inverted image is acceptable.

Step 2: Detailed Explanation:
A terrestrial telescope typically consists of three main components:
1. Objective Lens: This is a convex lens that gathers light from a distant object and forms
a real, inverted, and diminished image at its focal plane.
2. Erecting System: To make the final image upright, an additional lens or prism system is
placed between the objective and the eyepiece. A common method uses a single convex lens
called the erecting lens. This lens takes the real, inverted image from the objective and forms
a second image that is real, and now erect.
3. Eyepiece: This is another convex lens that acts as a simple magnifier. The observer looks
through the eyepiece at the real, erect image formed by the erecting system. The eyepiece
forms a final, magnified image that is virtual and remains erect.

Therefore, the final image seen by the observer is magnified, virtual, and erect with respect to
the original object.

Step 3: Final Answer:
The final image formed by a terrestrial telescope is virtual and erect. Hence, option (B) is the
correct answer.
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Quick Tip

The name of the telescope gives a clue to the image orientation. ”Terrestrial” relates to
Earth. When you look at things on Earth (like a ship or a building), you want to see
them the right way up. Therefore, a terrestrial telescope must produce an erect (upright)
final image.

67. For resonance condition in any L-C-R circuit, the phase-difference between
applied voltage and current is

(A) π
(B) π/2
(C) π/4
(D) zero

Correct Answer: (D) zero

Solution:

Step 1: Understanding the Concept:
Resonance in a series L-C-R circuit is a condition where the inductive reactance and capacitive
reactance cancel each other out, leading to minimum impedance and maximum current.

Step 2: Key Formula or Approach:
The impedance (Z) of a series L-C-R circuit is given by:

Z =
√

R2 + (XL −XC)2

where XL = ωL is the inductive reactance and XC = 1/(ωC) is the capacitive reactance.
The phase difference (ϕ) between voltage and current is given by:

tan(ϕ) =
XL −XC

R

Step 3: Detailed Explanation:
The resonance condition occurs when the inductive reactance equals the capacitive reactance:

XL = XC

Substituting this condition into the formula for the phase difference:

tan(ϕ) =
XL −XL

R
=

0

R
= 0

If tan(ϕ) = 0, then the phase angle ϕ must be zero.
When the phase difference is zero, the applied voltage and the current are in the same phase.
This means the circuit behaves as a purely resistive circuit at resonance.
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Step 4: Final Answer:
At resonance, the phase difference between the applied voltage and current is zero. Therefore,
option (D) is correct.

Quick Tip

At resonance, the effects of the inductor and capacitor perfectly cancel each other out
in terms of phase. The LCR circuit essentially behaves like a simple circuit with only a
resistor. In a purely resistive circuit, voltage and current are always in phase (ϕ = 0).

68. In step-up transformer, the value of current in secondary coil compared to
primary coil is

(A) equal
(B) less
(C) more
(D) none of these

Correct Answer: (B) less

Solution:

Step 1: Understanding the Concept:
A transformer is a device that transfers electrical energy from one circuit to another through
electromagnetic induction. A step-up transformer increases the AC voltage from the primary
coil to the secondary coil.

Step 2: Key Formula or Approach:
For an ideal transformer (assuming 100% efficiency and no energy loss), the power input to the
primary coil is equal to the power output from the secondary coil.
Power P = V × I, where V is voltage and I is current.
Therefore, for an ideal transformer:

Pprimary = Psecondary

VpIp = VsIs

where p denotes the primary coil and s denotes the secondary coil.

Step 3: Detailed Explanation:
In a step-up transformer, the secondary voltage is greater than the primary voltage:

Vs > Vp
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Using the power conservation equation VpIp = VsIs, we can write the ratio of the currents as:

Is
Ip

=
Vp
Vs

Since Vs > Vp, the ratio Vp

Vs
is less than 1.

Is
Ip

< 1

This implies that Is < Ip.
So, in a step-up transformer, while the voltage is increased, the current is decreased propor-
tionally.

Step 4: Final Answer:
The value of the current in the secondary coil of a step-up transformer is less than the current
in the primary coil. Option (B) is correct.

Quick Tip

Think of a transformer as trading voltage for current to conserve power. Step-UP
transformer: Voltage goes UP, so current must go DOWN. Step-DOWN transformer:
Voltage goes DOWN, so current must go UP.

69. X-rays are

(A) moving electron
(B) moving positive ion
(C) moving negative ion
(D) electromagnetic waves

Correct Answer: (D) electromagnetic waves

Solution:

Step 1: Understanding the Concept:
The question asks to classify X-rays from the given options. This requires knowledge of the
nature of X-rays and the electromagnetic spectrum.

Step 2: Detailed Explanation:
X-rays are a form of high-energy radiation. They are not particles with mass and charge like
electrons or ions.
- A moving electron is a stream of negatively charged fundamental particles (beta radiation).
- A moving positive or negative ion is a charged atom or molecule.
- Electromagnetic waves are disturbances in the electromagnetic field that propagate through
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space, carrying energy. They do not have mass or charge. The electromagnetic spectrum in-
cludes radio waves, microwaves, infrared, visible light, ultraviolet, X-rays, and gamma rays.

X-rays are produced when high-energy charged particles (like electrons) rapidly decelerate,
typically by hitting a metal target. The kinetic energy of the particles is converted into electro-
magnetic radiation. X-rays fall between ultraviolet light and gamma rays in the electromagnetic
spectrum, characterized by their short wavelength and high frequency/energy.

Step 3: Final Answer:
X-rays are a form of electromagnetic radiation, i.e., electromagnetic waves. Option (D) is cor-
rect.

Quick Tip

Remember the electromagnetic spectrum in order of increasing energy/frequency: Radio,
Microwave, Infrared, Visible, Ultraviolet, X-ray, Gamma Ray. All components of this
spectrum are fundamentally electromagnetic waves, differing only in their wavelength
and frequency.

70. The critical angle for total internal reflection of a ray from any medium to
vacuum is 30◦. Then velocity of light in the medium will be

(A) 3 x 108 m/s
(B) 1.5 x 105 m/s
(C) 6 x 108 m/s
(D) 4.5 x 108 m/s

Correct Answer: The correct calculated value is 1.5 x 108 m/s.

Solution:

Step 1: Understanding the Concept:
The critical angle is related to the refractive index of the medium. The refractive index, in
turn, relates the speed of light in a vacuum to the speed of light in the medium.

Step 2: Key Formula or Approach:
1. The relationship between the refractive index (n) of a medium and the critical angle (C) for
light going into a vacuum is:

n =
1

sin(C)

2. The definition of refractive index is:

n =
speed of light in vacuum (c)

speed of light in medium (v)
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Step 3: Detailed Explanation:
Part 1: Calculate the refractive index (n)
Given the critical angle C = 30◦.

n =
1

sin(30◦)

We know that sin(30◦) = 0.5 or 1/2.

n =
1

0.5
= 2

The refractive index of the medium is 2.

Part 2: Calculate the velocity of light in the medium (v)
We use the formula n = c/v, where c is the speed of light in vacuum, c ≈ 3× 108 m/s.
Rearranging the formula to solve for v:

v =
c

n

Substituting the values:

v =
3× 108 m/s

2

v = 1.5× 108 m/s

Part 3: Compare with options
The calculated velocity is 1.5× 108 m/s.
Looking at the options:
(A) 3 x 108 m/s (This is the speed in vacuum)
(B) 1.5 x 105 m/s (The numerical value is correct, but the power of 10 is wrong, likely a typo)
(C) 6 x 108 m/s (Faster than light in vacuum, impossible)
(D) 4.5 x 108 m/s (Faster than light in vacuum, impossible)

The value 1.5× 108 m/s is the correct answer.

Step 4: Final Answer:
The calculated velocity of light in the medium is 1.5 × 108 m/s. Option (B) is the intended
answer, despite the typo.

Quick Tip

Before starting calculations, check the options. The speed of light in any medium cannot
exceed the speed of light in a vacuum (c ≈ 3 × 108 m/s). This immediately eliminates
options (C) and (D) as physically impossible, simplifying your problem.
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Section - B

1. Describe the two shortcomings of Bohr model of atom.

Solution:

Step 1: Understanding the Concept:
The Bohr model was a significant step forward from the Rutherford model, successfully explain-
ing the spectrum of the hydrogen atom. However, it was a semi-classical model and had several
limitations when applied to more complex systems or when observed with high-resolution in-
struments.

Step 2: Detailed Explanation:
Here are two key shortcomings of the Bohr model:
1. Inability to Explain Multi-Electron Spectra:
The model’s calculations and postulates were based on a single electron orbiting a nucleus (like
hydrogen, He+, Li2+). It failed to predict the spectral lines of neutral multi-electron atoms
(e.g., Helium) because it did not account for the complex electrostatic interactions between
multiple electrons.

2. Inability to Explain the Fine Structure and Splitting of Spectral Lines:
When the spectral lines of hydrogen were observed with high-precision spectrometers, they
were found to consist of several closely packed finer lines (fine structure). Bohr’s model could
not explain this. Furthermore, it could not explain the splitting of a single spectral line into
multiple lines when the atom was placed in an external magnetic field (Zeeman effect) or an
external electric field (Stark effect). This indicated that the energy levels themselves were
more complex than the simple circular orbits Bohr proposed.

Other shortcomings include the violation of the Heisenberg Uncertainty Principle (as it defines
both the position and momentum of an electron simultaneously) and its inability to explain
the relative intensities of spectral lines.

Step 3: Final Answer:
The Bohr model is limited as it only works for single-electron systems and fails to account for
the Zeeman and Stark effects.

Quick Tip

When asked for Bohr’s failures, the easiest to remember are: its failure for atoms ”beyond
hydrogen” and its inability to explain the ”splitting of spectral lines” (Zeeman/Stark
effects).

2. In a vertically upwards magnetic field B⃗, a positively charged particle is pro-
jected horizontally eastwards. What will be the direction of force on the particle?
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Solution:

Step 1: Understanding the Concept:
The force experienced by a charged particle moving in a magnetic field is given by the Lorentz
force. The direction of this force can be determined using Fleming’s Left-Hand Rule or the
vector cross product.

Step 2: Key Formula or Approach:
The magnetic force F⃗ on a charge q moving with velocity v⃗ in a magnetic field B⃗ is given by:

F⃗ = q(v⃗ × B⃗)

The direction of the force is given by the direction of the cross product v⃗× B⃗. We can use the
right-hand rule for the cross product (since the charge is positive).

Step 3: Detailed Explanation:
Let’s define the directions using a standard coordinate system:
- East is along the positive x-axis (+î).
- North is along the positive y-axis (+ĵ).
- Vertically upwards is along the positive z-axis (+k̂).

From the problem statement:
- The velocity vector v⃗ is horizontally eastwards: v⃗ = vî.
- The magnetic field vector B⃗ is vertically upwards: B⃗ = Bk̂.

Now, we calculate the cross product:

v⃗ × B⃗ = (vî)× (Bk̂) = vB(̂i× k̂)

Using the cyclic property of unit vectors for cross product (̂i× ĵ = k̂, ĵ × k̂ = î, k̂ × î = ĵ), we
know that î× k̂ = −ĵ.

v⃗ × B⃗ = vB(−ĵ)

The direction −ĵ corresponds to the South.

Alternative Method (Fleming’s Left-Hand Rule):
- Point your Forefinger in the direction of the Magnetic Field (Upwards).
- Point your Middle finger in the direction of the Current (or motion of positive charge, which
is Eastwards).
- Your Thumb will point in the direction of the Force, which is towards the South.

Step 4: Final Answer:
The direction of the force on the positively charged particle is towards the South.
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Quick Tip

For positive charges, use Fleming’s Left-Hand Rule directly. If the charge were negative
(like an electron), the force direction would be opposite to what the rule indicates.

3. Lenz’s law follows the law of conservation of energy. Explain.

Solution:

Step 1: Understanding the Concept:
Lenz’s law states that the direction of the induced electromotive force (e.m.f.) and hence the
induced current in a closed circuit is such that it opposes the change in magnetic flux that
produced it. This principle is directly linked to the law of conservation of energy.

Step 2: Detailed Explanation:
Let’s consider an example: moving the north pole of a bar magnet towards a closed coil.
1. As the north pole approaches the coil, the magnetic flux through the coil increases.
2. According to Lenz’s law, an e.m.f. and current will be induced in the coil in a direction
that opposes this increase in flux. To oppose the approaching north pole, the face of the coil
towards the magnet must become a north pole itself (like poles repel).
3. This induced north pole creates a repulsive force on the approaching magnet. To keep the
magnet moving towards the coil, we must do mechanical work against this repulsive force.
4. This mechanical work done by the external agent is converted into electrical energy in the
coil, which manifests as the induced current and can dissipate as heat (I2R).

What if Lenz’s Law was violated?
Suppose the induced current supported the change instead of opposing it. In our example, the
coil would form a south pole. This south pole would attract the approaching north pole, pulling
it in faster. This would induce an even larger current, creating a stronger attraction, and so
on. This would lead to a self-sustaining increase in kinetic and electrical energy without any
external work being done, which would be a clear violation of the law of conservation of energy.

Step 3: Final Answer:
Thus, the very opposition described by Lenz’s law necessitates the input of energy (usually me-
chanical) to produce electrical energy, thereby upholding the principle of conservation of energy.

Quick Tip

Remember the core idea: ”There’s no such thing as a free lunch.” You can’t get electrical
energy for free. Lenz’s law ensures that you must do work (provide energy) to generate
induced current.
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4. What is photo-cell? Write down its two applications.

Solution:

Step 1: Understanding the Concept:
A photo-cell is a sensor or transducer that detects light. Its electrical properties (like current,
voltage, or resistance) change when it is exposed to light. The fundamental principle behind
its operation is the photoelectric effect, where electrons are emitted from a material (photosen-
sitive surface) when light of a suitable frequency shines on it.

Step 2: Detailed Explanation:
Definition of a Photo-cell:
A photo-cell is an electronic device whose operation is based on the photoelectric effect. It con-
sists of a photosensitive cathode that emits electrons when illuminated, and an anode to collect
these electrons. When light falls on the cathode, the emitted photoelectrons are attracted to
the anode, completing an electric circuit and allowing a small current (photocurrent) to flow.
The magnitude of this current is proportional to the intensity of the incident light.

Two Applications:
1. Automatic Street Lighting:
Photo-cells are used as light sensors in automatic streetlights. During the day, the ambient
light is strong, causing the photo-cell to conduct and keep the light circuit open (lights OFF).
As evening approaches and the ambient light level drops, the photo-cell’s conduction ceases,
which triggers a relay to close the light circuit, turning the streetlights ON.

2. Burglar Alarms:
In security systems, a photo-cell is used with a light source (often invisible ultraviolet or infrared
light). A beam of light is directed across a doorway or window onto a photo-cell. As long as
the light beam is uninterrupted, a current flows, and the alarm is silent. If an intruder breaks
the beam, the light no longer reaches the photo-cell, the current stops, and this interruption
triggers the alarm.

Other applications include smoke detectors, automatic door openers, and sound reproduction
in motion pictures (reading the optical soundtrack on film).

Step 3: Final Answer:
A photocell is a light-to-electricity converter based on the photoelectric effect, used in applica-
tions like burglar alarms and automatic streetlights.

Quick Tip

Think of a photo-cell as an ”electric eye” or a light-activated switch. Any application
where you need to detect the presence or absence of light is a potential use for a photo-cell.
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5. The decay constant of a radioactive substance is 5.2 x 103 per year. What is its
half-life?

Solution:

Step 1: Understanding the Concept:
The half-life (T1/2) of a radioactive substance is the time required for half of the initial number
of radioactive nuclei to decay. It is inversely related to the decay constant (λ), which represents
the probability of decay per nucleus per unit time.

Step 2: Key Formula or Approach:
The relationship between half-life (T1/2) and the decay constant (λ) is given by:

T1/2 =
ln(2)

λ

Using the approximation ln(2) ≈ 0.693, the formula becomes:

T1/2 ≈
0.693

λ

Step 3: Detailed Explanation:
We are given the decay constant λ = 5.2× 103 per year.
Substitute this value into the half-life formula:

T1/2 =
0.693

5.2× 103 year−1

Now, we perform the calculation:

T1/2 =
0.693

5.2
× 10−3 years

T1/2 ≈ 0.1332× 10−3 years

Expressing this in standard scientific notation:

T1/2 ≈ 1.33× 10−1 × 10−3 years

T1/2 ≈ 1.33× 10−4 years

Step 4: Final Answer:
The half-life of the radioactive substance is approximately 1.33× 10−4 years.

Quick Tip

Notice the units. The decay constant was given in ”per year” (or year−1), so the half-life
will be calculated in ”years”. Always ensure your units are consistent. A very large decay
constant implies a very rapid decay, and thus a very short half-life.
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6. What is Curie law?

Solution:

Step 1: Understanding the Concept:
Curie’s law describes the magnetic behavior of paramagnetic materials in relation to temper-
ature. Paramagnetic materials are weakly attracted to magnetic fields. This attraction is due
to the presence of unpaired electrons, which act as tiny magnetic dipoles.

Step 2: Key Formula or Approach:
The law is mathematically expressed in terms of magnetic susceptibility (χm) or magnetization
(M).
The magnetic susceptibility χm is defined as the ratio of the intensity of magnetization (M) to
the magnetic field intensity (H).
Curie’s Law states:

χm ∝ 1

T
or

χm =
C

T

where:
- χm is the magnetic susceptibility.
- T is the absolute temperature in Kelvin.
- C is a material-specific constant called the Curie constant.

Step 3: Detailed Explanation:
In paramagnetic materials, the atomic dipoles are randomly oriented due to thermal agitation.
When an external magnetic field is applied, it tends to align these dipoles, causing a net mag-
netization.
However, the thermal energy of the atoms opposes this alignment. As the temperature in-
creases, thermal agitation becomes stronger, making it harder for the external field to align the
dipoles. Consequently, the material’s ability to be magnetized (its susceptibility) decreases.
Curie’s law quantifies this relationship, stating that the susceptibility is inversely proportional
to the absolute temperature. This means that if you double the absolute temperature, you
halve the magnetic susceptibility of a paramagnetic substance, assuming the applied field is
not too strong.

Step 4: Final Answer:
Curie’s law is a fundamental principle in magnetism that relates the magnetic susceptibility
of a paramagnetic material to its absolute temperature, showing they are inversely proportional.
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Quick Tip

A simple way to remember Curie’s law: Heat causes chaos. In magnetism, this ”chaos”
(thermal agitation) disrupts the orderly alignment of magnetic dipoles. More heat (higher
T) leads to more chaos and thus weaker magnetic properties (lower χm).

7. What are ’α’ and ’β’ parameters of transistor? What is their relation?

Solution:

Step 1: Understanding the Concept:
In a transistor, the flow of a small current in one part of the device controls a much larger
current in another part. The parameters α and β are ”current gains” that quantify this control
for different circuit configurations.

Step 2: Key Formula or Approach:
The fundamental relationship between the currents in a transistor is:
Emitter Current (IE) = Base Current (IB) + Collector Current (IC)

IE = IB + IC

Definitions:
- Common-Base Current Gain (α): α = Output Current

Input Current = IC
IE

- Common-Emitter Current Gain (β): β = Output Current
Input Current = IC

IB

Step 3: Detailed Explanation and Derivation of Relation:
Definition of α:
Alpha is the DC current gain in the common-base configuration. It represents the fraction of
emitter current that reaches the collector. Since IC is always slightly less than IE (because a
small portion becomes base current), the value of α is always slightly less than 1 (typically 0.95
to 0.99).

Definition of β:
Beta is the DC current gain in the common-emitter configuration. It represents how much the
collector current is amplified compared to the base current. Since IB is very small compared
to IC , the value of β is large (typically 50 to 300).

Relation between α and β:
We start with the fundamental current equation:

IE = IB + IC

Divide the entire equation by IC :

IE
IC

=
IB
IC

+
IC
IC
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Recognizing the reciprocals of our definitions ( 1α = IE
IC

and 1
β = IB

IC
):

1

α
=

1

β
+ 1

Now, we rearrange to solve for β:

1

β
=

1

α
− 1

1

β
=

1− α

α

Taking the reciprocal of both sides gives the relation:

β =
α

1− α

Step 4: Final Answer:
α and β are the current gains for common-base and common-emitter transistor configurations,
respectively, and are related by the formula β = α

1−α .

Quick Tip

Remember the typical values: α is always close to, but less than, 1. β is always much
greater than 1. This can help you check if your derived relation is reasonable. If α = 0.99,
then β = 0.99

1−0.99 = 0.99
0.01 = 99.

8. Differentiate between primary and secondary rainbows.

Solution:

Step 1: Understanding the Concept:
Rainbows are optical phenomena caused by the dispersion and internal reflection of sunlight
by water droplets (like rain or mist) in the atmosphere. The differences between primary and
secondary rainbows arise from the number of internal reflections the light undergoes within
each droplet.

Step 2: Detailed Explanation of Differences:
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Feature Primary Rainbow Secondary Rainbow

Formation Caused by sunlight undergoing one Caused by sunlight undergoing two
total internal reflection inside a total internal reflections inside a
water droplet. water droplet.

Color Sequence The sequence of colors is Violet on The sequence of colors is reversed due
the inner edge and Red on the to the extra reflection. Red is on
outer edge (VIBGYOR from the inner edge and Violet on the
bottom to top). outer edge.

Brightness It is brighter because less light is It is fainter because light energy is
lost. Light emerges after only one lost at each internal reflection.
internal reflection.

Angular Position Forms at an angle of approximately Forms at a higher angle of approximately
40◦-42◦ with respect to the 50◦-53◦ with respect to the
observer-sun line. It appears lower observer-sun line. It appears above
in the sky. the primary rainbow.

Step 3: Final Answer:
The primary rainbow is brighter, lower, and has red on top, resulting from a single internal
reflection. The secondary rainbow is fainter, higher, and has violet on top, resulting from two
internal reflections.

Quick Tip

A simple mnemonic for the color order: ”Roy G. Biv” (Red, Orange, Yellow, Green, Blue,
Indigo, Violet). For a primary rainbow, Roy is at the top of the arc. For a secondary
rainbow, the order is reversed.

9. Under what condition will the magnifying power of a microscope be maximum?

Solution:

Step 1: Understanding the Concept:
The magnifying power (or angular magnification) of a microscope is a measure of how much
larger the image appears compared to the object when viewed through the instrument. This
power depends on the focal lengths of the lenses and the position of the final image.

Step 2: Key Formula or Approach:
The magnifying power (M) of a compound microscope is the product of the magnification of
the objective lens (mo) and the eyepiece (me):

M = mo ×me

The magnification of the eyepiece is given by:
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me =

(
1 +

D

fe

)
(for final image at near point D)

me =
D

fe
(for final image at infinity)

where D is the least distance of distinct vision and fe is the focal length of the eyepiece.

Step 3: Detailed Explanation:
From the formulas above, it is clear that the value of me is greater when the final image is
formed at the near point D compared to when it is formed at infinity.(

1 +
D

fe

)
>

D

fe

Since the overall magnifying power M is directly proportional to me, the microscope achieves
its maximum magnifying power when the eyepiece is adjusted to form the final virtual image
at the least distance of distinct vision, D.
This condition, however, causes the most strain on the observer’s eye, as the eye muscles are
fully tensed to focus at the near point. The alternative setting, where the final image is at
infinity, is called ”normal adjustment” because it allows for more relaxed viewing.

Step 4: Final Answer:
The condition for maximum magnifying power is that the eyepiece must be positioned such
that the final virtual image is formed at the near point (D) of the eye.

Quick Tip

Remember this trade-off for microscopes and telescopes: Maximum Magnification
=⇒ Final image at Near Point (D) =⇒ Maximum Eye Strain. Normal Adjust-
ment =⇒ Final image at Infinity =⇒ Relaxed Eye.

10. What is carbon dating?

Solution:

Step 1: Understanding the Concept:
Carbon dating, also known as radiocarbon dating, is a scientific technique that uses the prop-
erties of a naturally occurring radioactive isotope of carbon (14C) to determine the age of
carbon-based materials up to about 50,000 to 60,000 years old.

Step 2: Detailed Explanation:
The principle behind carbon dating is as follows:
1. Formation of Carbon-14:

85



Cosmic rays from space strike the Earth’s upper atmosphere, producing neutrons. These neu-
trons collide with Nitrogen-14 (14N) atoms, converting them into Carbon-14 (14C), which is
radioactive.

n+14 N →14 C + p

2. Incorporation into Living Organisms:
This radioactive 14C combines with oxygen to form carbon dioxide (14CO2). This radioactive
carbon dioxide mixes with regular carbon dioxide in the atmosphere and is absorbed by plants
during photosynthesis. Animals then eat these plants. As a result, all living organisms con-
tinuously incorporate both stable carbon (12C) and radioactive carbon (14C) into their bodies,
maintaining a relatively constant ratio of 14C to 12C, the same as in the atmosphere.
3. Decay After Death:
When an organism dies, it stops taking in carbon from the environment. The stable 12C in its
tissues remains, but the radioactive 14C begins to decay back into Nitrogen-14 (14N) with a
known half-life of approximately 5,730 years.

14C →14 N+ e− + ν̄e

4. Age Determination:
By measuring the ratio of the remaining 14C to the stable 12C in a sample of organic material
(like wood, bone, or cloth) and comparing it to the atmospheric ratio, scientists can calculate
how many half-lives have passed since the organism died. This allows them to determine the
age of the sample.

Step 3: Final Answer:
Carbon dating is a method of age determination for organic artifacts by measuring the decay
of the radioactive isotope 14C they contain since the time of their death.

Quick Tip

Remember that carbon dating is only applicable to materials that were once alive (or-
ganic). It cannot be used to date rocks or metals. The key is the exchange of carbon
with the environment, which stops at death.

11. A convex lens of refractive index 1.5 is kept in a liquid medium having same
refractive index. What is the focal length of the lens in this medium?

Solution:

Step 1: Understanding the Concept:
A lens works by refracting light. Refraction, or the bending of light, occurs only when light
passes from one medium to another with a different refractive index. The focal length of a lens
is determined by its curvature and the difference in refractive index between the lens material
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and the surrounding medium.

Step 2: Key Formula or Approach:
The focal length (f) of a lens is given by the Lens Maker’s Formula:

1

f
=

(
nl
nm

− 1

)(
1

R1
− 1

R2

)
where:
- nl is the refractive index of the lens material.
- nm is the refractive index of the surrounding medium.
- R1 and R2 are the radii of curvature of the lens surfaces.

Step 3: Detailed Explanation:
According to the problem statement:
- Refractive index of the lens, nl = 1.5.
- Refractive index of the medium, nm = 1.5.

Now, let’s substitute these values into the Lens Maker’s Formula:

1

f
=
(
1.5

1.5
− 1

)(
1

R1
− 1

R2

)
1

f
= (1− 1)

(
1

R1
− 1

R2

)
1

f
= (0)

(
1

R1
− 1

R2

)
1

f
= 0

If the reciprocal of the focal length is zero, the focal length itself must be infinite:

f = ∞

A lens with an infinite focal length has zero power (P = 1/f = 0). This means it does not
bend light at all and acts as a transparent, parallel-sided plate of glass. The light rays will pass
through it undeviated.

Step 4: Final Answer:
The focal length of the lens will be infinite, and it will lose its converging property, effectively
becoming invisible in the liquid.

Quick Tip

A lens is only a ”lens” because its refractive index is different from its surroundings. If
nlens = nmedium, the lens becomes optically invisible and has no focusing power.
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12. Write down truth table and Boolean expression for NOR and NAND gates.

Solution:

Step 1: Understanding the Concept:
NOR and NAND gates are known as universal logic gates. They are combinations of basic
gates (OR, AND) with a NOT gate.
- NOR = NOT + OR. It gives a high output (1) only when all its inputs are low (0).
- NAND = NOT + AND. It gives a low output (0) only when all its inputs are high (1).

Step 2: NOR Gate Details:
The NOR gate is an OR gate followed by a NOT gate.
Boolean Expression:
The expression for an OR gate with inputs A and B is A + B. The NOR gate inverts this
output. Therefore, the Boolean expression is:

Y = A+B

This is read as ”Y equals NOT (A OR B)”.
Truth Table:
The truth table lists all possible input combinations and the corresponding output.

Inputs OR Output NOR Output

A B A+B Y = A+B

0 0 0 1
0 1 1 0
1 0 1 0
1 1 1 0

Step 3: NAND Gate Details:
The NAND gate is an AND gate followed by a NOT gate.
Boolean Expression:
The expression for an AND gate with inputs A and B is A · B. The NAND gate inverts this
output. Therefore, the Boolean expression is:

Y = A ·B

This is read as ”Y equals NOT (A AND B)”.
Truth Table:

Inputs AND Output NAND Output

A B A · B Y = A ·B
0 0 0 1
0 1 0 1
1 0 0 1
1 1 1 0

Step 4: Final Answer:
The Boolean expressions and truth tables for NOR and NAND gates are provided as detailed
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above.

Quick Tip

To quickly remember the truth tables: - For NOR, the output is 1 only when all inputs
are 0. - For NAND, the output is 0 only when all inputs are 1. They are the exact
opposites of the OR and AND gates.

13. Define magnetic moment. Write its S.I. unit and dimension.

Solution:

Step 1: Understanding the Concept:
Just as electric charges create electric fields, moving charges (currents) or intrinsic properties of
particles (like electron spin) create magnetic fields. The magnetic moment is the fundamental
quantity that characterizes the source of this magnetic field. It determines the torque the object
will experience in an external magnetic field.

Step 2: Detailed Definition:
The magnetic dipole moment, often simply called magnetic moment (symbol m⃗ or µ⃗), quantifies
the magnetic strength of a dipole.
- For a Bar Magnet: It is a vector that points from the south pole to the north pole of the
magnet. Its magnitude is the product of the pole strength and the magnetic length.
- For a Current Loop: A planar loop of wire carrying a current I with an enclosed area A has
a magnetic moment with magnitude m = IA. The direction of the magnetic moment vector
m⃗ is perpendicular to the plane of the loop, given by the right-hand grip rule (if you curl the
fingers of your right hand in the direction of the current, your thumb points in the direction of
m⃗).
The torque τ⃗ experienced by an object with magnetic moment m⃗ in an external magnetic field
B⃗ is given by τ⃗ = m⃗× B⃗.

Step 3: S.I. Unit and Dimension:
S.I. Unit:
Using the formula for a current loop, m = I × A:
- The S.I. unit of current (I) is Ampere (A).
- The S.I. unit of area (A) is meter squared (m2).
Therefore, the S.I. unit of magnetic moment is Ampere-meter squared (A m2).
An equivalent unit is Joules per Tesla (J/T).

Dimension:
- The dimension of current (I) is [A].
- The dimension of area (A) is [L2].
Therefore, the dimensional formula for magnetic moment is [L2A].
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Step 4: Final Answer:
The magnetic moment is a measure of an object’s magnetic properties. Its S.I. unit is A m2

and its dimension is [L2A].

Quick Tip

The easiest way to remember the unit and dimension of magnetic moment is to use the
formula for a current loop: m = IA. The units (A and m2) and dimensions ([A] and
[L2]) follow directly from this simple definition.

14. A sphere of radius 5 cm has a charge of 31.41 µC. Calculate the surface density
of charge.

Solution:

Step 1: Understanding the Concept:
Surface charge density (σ) is a measure of the amount of electric charge distributed over a given
surface area. It is defined as the charge per unit area.

Step 2: Key Formula or Approach:
The formula for surface charge density is:

σ =
Q

A
where:
- σ is the surface charge density.
- Q is the total charge on the surface.
- A is the total surface area.
For a sphere, the surface area is given by A = 4πr2, where r is the radius.

Step 3: Detailed Explanation:
First, we need to list the given values and convert them to S.I. units.
- Charge, Q = 31.41µC = 31.41× 10−6C.
- Radius, r = 5 cm = 0.05m.
We can notice that 31.41 ≈ 10×3.141 ≈ 10π. This approximation can simplify the calculation.
So let’s use Q ≈ 10π × 10−6 C.

Next, calculate the surface area (A) of the sphere:

A = 4πr2

A = 4π(0.05m)2

A = 4π(0.0025m2)

A = 0.01πm2
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Now, calculate the surface charge density (σ):

σ =
Q

A

σ =
10π × 10−6C

0.01πm2

The π terms cancel out.

σ =
10× 10−6

0.01

C

m2

σ =
10× 10−6

10−2

C

m2

σ = 10× 10−6 × 102
C

m2

σ = 10× 10−4 C

m2

σ = 1.0× 10−3 C

m2

Step 4: Final Answer:
The surface density of charge on the sphere is 1.0× 10−3 C/m2.

Quick Tip

In physics problems, look for numbers that are multiples or fractions of common constants
like π or e. Here, 31.41 is clearly intended to be related to 10π, which simplifies the
calculation significantly by allowing π to be cancelled out. Always convert all given
quantities to their S.I. units before starting calculations.

15. Write down two necessary conditions for interference of light.

Solution:

Step 1: Understanding the Concept:
Interference is a phenomenon in which two or more waves superpose to form a resultant wave of
greater, lower, or the same amplitude. For the interference pattern to be stable and observable
(a ”sustained” interference pattern), certain conditions must be met by the interfering light
sources.

Step 2: Detailed Explanation of Conditions:
1. Coherence:
This is the most critical condition. The sources must be coherent. Coherence means two things:
a) Same Frequency/Wavelength: The waves emitted by the sources must have the same
frequency. If the frequencies are different, the phase relationship between the waves will change
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rapidly and randomly, and a stable interference pattern will not be formed.
b) Constant Phase Difference: The phase difference between the waves from the two sources
at any point must remain constant over time. If the phase difference changes randomly, the
positions of maximum and minimum intensity will also shift randomly, and the pattern will be
washed out. This is why two independent light sources (like two light bulbs) cannot produce
a visible interference pattern; their phase relationship is not constant. Coherent sources are
typically derived from a single parent source (e.g., in Young’s double-slit experiment).

2. Same Amplitude (for good contrast):
For the interference pattern to be easily visible, the dark fringes should be perfectly dark, and
the bright fringes should be very bright. This happens when the amplitudes of the interfering
waves are equal or nearly equal.
- At a point of destructive interference, the resultant intensity is Imin ∝ (A1−A2)

2. If A1 = A2,
then Imin = 0 (perfectly dark).
- At a point of constructive interference, the resultant intensity is Imax ∝ (A1 + A2)

2.
If the amplitudes are very different, Imin will not be zero, and the contrast between bright and
dark fringes will be poor.

Other important conditions include that the sources should be narrow (point sources) and close
to each other.

Step 3: Final Answer:
The two most essential conditions for producing a sustained and clear interference pattern are
that the sources must be coherent and should have comparable amplitudes.

Quick Tip

The word coherent is the key to interference. If you are asked for one condition, this is
the one to state. It encapsulates both the same frequency and a constant phase difference.

16. What will be the path followed by a charged particle moving along a magnetic
field.

Solution:

Step 1: Understanding the Concept:
A charged particle moving in a magnetic field experiences a magnetic force (Lorentz force)
only if its velocity has a component perpendicular to the direction of the magnetic field. The
magnitude and direction of this force determine the particle’s trajectory.

Step 2: Key Formula or Approach:
The magnetic force F⃗ on a particle with charge q moving with velocity v⃗ in a magnetic field B⃗

is given by the vector cross product:
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F⃗ = q(v⃗ × B⃗)

The magnitude of this force is given by:

F = |q|vB sin(θ)

where θ is the angle between the velocity vector v⃗ and the magnetic field vector B⃗.

Step 3: Detailed Explanation:
In this specific case, the charged particle is ”moving along the magnetic field.” This means its
velocity vector v⃗ is parallel to the magnetic field vector B⃗.
When two vectors are parallel, the angle θ between them is 0◦.
Let’s calculate the magnitude of the force using this angle:

F = |q|vB sin(0◦)

Since the value of sin(0◦) is 0:

F = |q|vB(0) = 0

If the particle were moving anti-parallel to the field, the angle would be 180◦, and sin(180◦) is
also 0, resulting in zero force.

Since the net magnetic force acting on the particle is zero, there is no change in its state of
motion according to Newton’s first law. The particle will continue to move with its constant
velocity, which means it will follow a straight-line path.

Step 4: Final Answer:
Because the magnetic force on the particle is zero when it moves parallel to the magnetic field,
its path will be an undeflected straight line.

Quick Tip

Remember the conditions for different paths in a uniform magnetic field: - θ = 0◦ or
180◦ (parallel/anti-parallel): Straight Line (zero force). - θ = 90◦ (perpendicular):
Circular Path (maximum force). - Any other angle 0 < θ < 180, θ ̸= 90◦: Helical
Path (a spiral).

17. Define modulation. Write its types.

Solution:

Step 1: Understanding the Concept:
In communication systems, information signals (like voice or data) are typically of low fre-
quency. Such low-frequency signals cannot travel long distances through space as they are
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prone to attenuation and require impractically large antennas. To overcome this, the informa-
tion is ”carried” by a high-frequency wave, known as a carrier wave. Modulation is the process
of embedding the information onto this carrier wave.

Step 2: Detailed Definition:
Modulation is the process of varying one or more properties of a periodic waveform, called the
carrier signal, with a modulating signal that typically contains information to be transmitted.
In essence, the characteristics of the high-frequency carrier wave are altered in accordance with
the instantaneous amplitude of the low-frequency message signal. This process is essential for
long-distance communication.
The main reasons for modulation are: - To allow the use of practical antenna sizes. - To reduce
interference and noise. - To allow multiplexing (transmitting multiple signals over a single
channel).

Step 3: Types of Modulation:
A sinusoidal carrier wave is characterized by three parameters: amplitude, frequency, and phase.
By varying one of these parameters, we get different types of modulation.
1. Amplitude Modulation (AM):
In AM, the amplitude of the high-frequency carrier wave is varied in proportion to the instan-
taneous amplitude of the message signal, while the frequency and phase of the carrier remain
constant.
2. Frequency Modulation (FM):
In FM, the frequency of the carrier wave is varied in proportion to the instantaneous amplitude
of the message signal, while the amplitude and phase of the carrier remain constant.
3. Phase Modulation (PM):
In PM, the phase of the carrier wave is varied in proportion to the instantaneous amplitude of
the message signal, while the amplitude and frequency of the carrier remain constant.

Step 4: Final Answer:
Modulation is the technique of encoding information onto a high-frequency carrier wave. Its
primary types are Amplitude Modulation (AM), Frequency Modulation (FM), and Phase Mod-
ulation (PM).

Quick Tip

An easy analogy for modulation is putting a letter (message signal) inside an envelope
and addressing it (superimposing on a carrier wave) to be sent over a long distance. The
type of modulation (AM, FM, PM) is like choosing how you write the address on the
envelope.

18. The horizontal component of earth’s magnetic field at any place is
√
3 times its

vertical component. What will be the value of angle of dip at that place?
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Solution:

Step 1: Understanding the Concept:
The Earth’s total magnetic field (BE) at any point can be resolved into two components: a
horizontal component (BH) and a vertical component (BV ). The angle that the total mag-
netic field vector makes with the horizontal direction is called the angle of dip or inclination (δ).

Step 2: Key Formula or Approach:
The relationship between the components and the angle of dip (δ) is given by trigonometry:

tan(δ) =
BV

BH

Step 3: Detailed Explanation:
We are given the following relationship in the problem:
The horizontal component (BH) is

√
3 times the vertical component (BV ).

Mathematically, this is written as:

BH =
√
3BV

Now, we substitute this into the formula for the angle of dip:

tan(δ) =
BV

BH
=

BV√
3BV

The BV term cancels out from the numerator and the denominator:

tan(δ) =
1√
3

To find the angle δ, we take the inverse tangent (arctan) of both sides:

δ = arctan

(
1√
3

)
From our knowledge of standard trigonometric values, we know that tan(30◦) = 1√

3
.

Therefore, the angle of dip is:

δ = 30◦

Step 4: Final Answer:
The value of the angle of dip at that place is 30◦.

Quick Tip

Remember the definition tan(δ) = BV /BH . A common mistake is to flip the fraction.
A simple way to check is to think about the poles and the equator. At the magnetic
equator, BV = 0, so δ = 0◦. At the magnetic poles, BH = 0, so tan(δ) is infinite and
δ = 90◦. This confirms BV must be in the numerator.
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19. What is current density? Discuss.

Solution:

Step 1: Understanding the Concept:
While electric current (I) is a scalar quantity that tells us the total amount of charge flowing
through a cross-section of a conductor per unit time, it doesn’t describe how the flow is dis-
tributed across that cross-section. Current density (J⃗) provides this microscopic description.
It is a vector pointing in the direction of the flow of positive charge.

Step 2: Key Formula and Discussion:
Magnitude:
If a current I flows uniformly through a conductor with a cross-sectional area A perpendicular
to the flow, the magnitude of the current density is:

J =
I

A
Vector Nature:
Current density is a vector, J⃗ . The total current I through a surface S is the flux of the current
density vector through that surface:

I =

ˆ
S

J⃗ · dA⃗

This integral form is more general and accounts for non-uniform current distribution and sur-
faces that are not perpendicular to the current flow.

Relation to Drift Velocity:
Current density is related to the microscopic properties of the charge carriers. If a conductor
has n charge carriers per unit volume, each with charge q and moving with an average drift
velocity v⃗d, the current density is given by:

J⃗ = nqv⃗d

For electrons, q = −e, so J⃗ = −nev⃗d. Since the conventional current direction is opposite to
the electron drift velocity, J⃗ is in the direction of conventional current.

Relation to Ohm’s Law (Microscopic Form):
Current density is directly related to the electric field (E⃗) within the conductor. This relation-
ship is the microscopic or point form of Ohm’s Law:

J⃗ = σE⃗

where σ is the electrical conductivity of the material (σ = 1/ρ, where ρ is the resistivity). This
equation states that the current density at a point is directly proportional to the electric field
at that point.

Step 3: Final Answer:
Current density is the vector measure of electric current flow per unit area at a point. It is
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fundamental in relating macroscopic quantities like current to microscopic quantities like drift
velocity and the local electric field.

Quick Tip

Remember the key difference: Current (I) is a scalar describing the total flow through a
surface. Current Density (J⃗) is a vector describing the flow at a specific point. Think of
it like mass vs. density.

20. On what two factors does the capacity of a condenser depend?

Solution:

Step 1: Understanding the Concept:
The capacity, or capacitance (C), of a condenser (an older term for capacitor) is a measure of
its ability to store electric charge. It is defined as the ratio of the magnitude of the charge (Q)
on either conductor to the magnitude of the potential difference (V ) between them: C = Q/V .
However, the capacitance itself does not depend on Q or V ; it is determined by the physical
characteristics of the capacitor.

Step 2: Key Formula or Approach:
To identify the factors, we can look at the formula for the capacitance of a standard parallel-
plate capacitor, which illustrates the dependencies clearly:

C =
κϵ0A

d
=

ϵA

d
where:
- C is the capacitance.
- κ (or ϵr) is the dielectric constant of the material between the plates.
- ϵ0 is the permittivity of free space (a constant).
- ϵ = κϵ0 is the permittivity of the dielectric medium.
- A is the area of overlap of the plates.
- d is the distance between the plates.

Step 3: Detailed Explanation of Factors:
From the formula, we can identify the key factors:
1. Geometrical Factors: The capacitance depends on the size, shape, and relative position-
ing of the conductors. For the parallel-plate capacitor, these are:
- Area of the plates (A): The capacitance is directly proportional to the area of the plates
(C ∝ A). A larger area allows more charge to be stored for the same potential difference.
- Distance between the plates (d): The capacitance is inversely proportional to the distance
between the plates (C ∝ 1/d). Bringing the plates closer increases the electric field between
them, which allows more charge to be stored for a given voltage.
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2. Dielectric Medium:
- Permittivity of the medium (ϵ): The capacitance is directly proportional to the permit-
tivity of the dielectric material placed between the conductors (C ∝ ϵ). A dielectric material
with a higher dielectric constant (κ) increases the capacitance because it reduces the effective
electric field, allowing more charge to be stored at the same potential difference.

Step 4: Final Answer:
Therefore, the two main factors determining the capacitance of a condenser are its physical
geometry (area of plates, distance between them) and the nature of the dielectric medium sep-
arating them.

Quick Tip

Remember the formula for the parallel-plate capacitor: C = κϵ0A/d. This single formula
contains all the factors that affect capacitance. To increase capacitance, you can increase
the area (A), increase the dielectric constant (κ), or decrease the distance (d).

21. What do you understand by capacity of any conductor? Find an expression
for the capacity of a cylindrical condenser.

Solution:

Part 1: Capacity of a Conductor
Step 1: Understanding the Concept:
The capacity, or capacitance, of a conductor is its intrinsic ability to store electric charge. When
charge is given to an isolated conductor, its electric potential increases.
It is observed that the potential (V ) of the conductor is directly proportional to the charge (Q)
given to it.

Q ∝ V =⇒ Q = CV

Step 2: Definition:
The constant of proportionality, C, is called the capacitance of the conductor. It is defined as
the ratio of the charge given to the conductor to the potential raised on it.

C =
Q

V

Thus, the capacity of a conductor is numerically equal to the amount of charge required to
raise its potential by one unit. Its S.I. unit is the Farad (F).

Part 2: Expression for the Capacity of a Cylindrical Condenser
Step 1: Setup and Assumptions:
A cylindrical condenser (capacitor) consists of two coaxial hollow conducting cylinders. Let
the inner cylinder have radius ’a’ and the outer cylinder have radius ’b’. Let the length of
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the cylinders be ’L’, and assume L ≫ b > a so that edge effects can be neglected. The space
between the cylinders is filled with a dielectric medium of permittivity ϵ. Let a charge of +Q
be given to the inner cylinder and −Q to the outer cylinder.

−Q+Q
b

a
L

Step 2: Calculating Electric Field:
To find the electric field E at a point at a radial distance r (a < r < b) from the axis, we
consider a cylindrical Gaussian surface of radius r and length L.
The linear charge density is λ = Q/L.
According to Gauss’s law:

˛
E⃗ · dA⃗ =

qenc
ϵ

E(2πrL) =
λL

ϵ
=

Q

ϵ

E =
Q

2πϵLr

The direction of the electric field is radially outwards.

Step 3: Calculating Potential Difference:
The potential difference (V ) between the inner and outer cylinders is the work done in moving
a unit positive charge from the outer cylinder to the inner cylinder.

V = −
ˆ a

b

E⃗ · dr⃗ = −
ˆ a

b

Q

2πϵLr
dr

V =
Q

2πϵL

ˆ b

a

1

r
dr

V =
Q

2πϵL
[ln(r)]ba

V =
Q

2πϵL
(ln(b)− ln(a)) =

Q

2πϵL
ln

(
b

a

)
Step 4: Finding the Capacitance:
Using the definition of capacitance, C = Q/V :

C =
Q

Q
2πϵL ln

(
b
a

)
C =

2πϵL

ln(b/a)
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If the medium is a vacuum or air, ϵ = ϵ0, and the expression becomes:

C =
2πϵ0L

ln(b/a)

This is the required expression for the capacity of a cylindrical condenser.

Quick Tip

The general strategy to find the capacitance for any geometry is a three-step process:
1. Assume a charge +Q and −Q on the conductors. 2. Calculate the electric field E⃗
between them (usually using Gauss’s law). 3. Integrate E⃗ to find the potential difference
V . 4. Use the formula C = Q/V .

22. State and explain Kirchhoff’s laws. Applying these laws, obtain the balanced
condition of Wheatstone bridge.

Solution:

Part 1: Kirchhoff’s Laws
Step 1: Kirchhoff’s First Law (The Junction Rule or Current Law - KCL):
Statement: The algebraic sum of the electric currents meeting at any junction in an electrical
circuit is zero. ∑

I = 0

Explanation: This law is based on the law of conservation of charge. A junction is a
point in a circuit where charge cannot accumulate. Therefore, the total current flowing into
the junction must be equal to the total current flowing out of the junction. By convention,
currents entering a junction are taken as positive, and currents leaving are taken as negative.
For example, at a junction where currents I1 and I2 enter and I3 and I4 leave, we have:
I1 + I2 − I3 − I4 = 0.

Step 2: Kirchhoff’s Second Law (The Loop Rule or Voltage Law - KVL):
Statement: In any closed loop or mesh of an electrical circuit, the algebraic sum of the changes
in potential (products of current and resistance) is equal to the algebraic sum of the electro-
motive forces (e.m.f.s) in that loop.∑

IR =
∑

E or
∑

∆V = 0

Explanation: This law is based on the law of conservation of energy. If we start at any
point in a closed loop and travel around it, the electric potential must return to its initial value.
This means the total potential gained (from batteries) must equal the total potential dropped
(across resistors).
Sign Convention:
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- A rise in potential (moving from - to + terminal of a cell) is taken as positive e.m.f.
- A fall in potential (moving from + to - terminal) is taken as negative e.m.f.
- A potential drop across a resistor in the direction of current is taken as negative (−IR).
- A potential gain across a resistor against the direction of current is taken as positive (+IR).

Part 2: Balanced Condition of Wheatstone Bridge
Step 1: Circuit Diagram:
AWheatstone bridge consists of four resistors P, Q, R, and S arranged in a quadrilateral ABCD.
A cell of e.m.f. E is connected between points A and C, and a galvanometer of resistance G is
connected between B and D.

A

P

I1
B

Q

I1 − Ig

C

E
R

I2
D

S

I2 + Ig

Step 2: Applying Kirchhoff’s Laws:
Let the current from the cell be I. At junction A, it splits into I1 (through P) and I2 (through
R). At junction B, I1 splits into Ig (through G) and I1−Ig (through Q). At junction D, currents
I2 and Ig combine to flow through S.
Applying Kirchhoff’s Loop Rule to the closed loop ABDA:

−I1P − IgG+ I2R = 0 · · · (1)
Applying Kirchhoff’s Loop Rule to the closed loop BCDB:

−(I1 − Ig)Q+ (I2 + Ig)S + IgG = 0 · · · (2)
Step 3: Deriving the Balanced Condition:
The bridge is said to be balanced when there is no current flowing through the galvanometer.
This means the potential at point B is equal to the potential at point D (VB = VD).
The condition for balance is Ig = 0.
Substituting Ig = 0 into equation (1):

−I1P + I2R = 0 =⇒ I1P = I2R · · · (3)
Substituting Ig = 0 into equation (2):

−I1Q+ I2S = 0 =⇒ I1Q = I2S · · · (4)
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Now, divide equation (3) by equation (4):

I1P

I1Q
=

I2R

I2S

P

Q
=

R

S

This is the required balanced condition for a Wheatstone bridge.

Quick Tip

For Kirchhoff’s laws, consistency in your sign convention is key. Choose a direction for
your loop traversal and stick to it. For the Wheatstone bridge, the balanced condition
Ig = 0 is the crucial step that simplifies the loop equations.

23. With neat diagram describe the construction and working of an astronomical
telescope. Find its magnifying power.

Solution:

Step 1: Construction:
An astronomical telescope is an optical instrument used to see magnified images of distant
heavenly bodies like stars and planets. It consists of two convex lenses mounted coaxially at
the ends of a tube.
1. Objective Lens: It is a convex lens of large focal length (fo) and large aperture. Its
function is to gather as much light as possible from the distant object and form a bright, real
image.
2. Eyepiece (or Ocular): It is a convex lens of short focal length (fe) and small aperture.
It acts as a simple magnifier to view the intermediate image formed by the objective.
The distance between the lenses can be adjusted using a rack and pinion arrangement.

Step 2: Diagram and Working (Normal Adjustment):
In normal adjustment, the final image is formed at infinity for relaxed viewing.

Objective Lo

O1

Eyepiece Le

O2A′B′

Fo, Fe

fo fe

α β
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Working:
1. Parallel rays of light from a distant object (at infinity) enter the objective lens.
2. The objective lens converges these rays to form a real, inverted, and highly diminished image
(A′B′) at its second focal point (Fo).
3. For normal adjustment, the eyepiece is positioned such that this intermediate image A′B′

lies at its first focal point (Fe).
4. Therefore, the intermediate image acts as an object for the eyepiece. Since the object is at
the focal point of the eyepiece, the final rays emerge parallel from the eyepiece.
5. These parallel rays enter the observer’s eye, which perceives them as coming from a highly
magnified, virtual, and inverted image at infinity. The length of the telescope tube in this case
is L = fo + fe.

Step 3: Magnifying Power:
The magnifying power (M) of a telescope is defined as the ratio of the angle (β) subtended at
the eye by the final image to the angle (α) subtended at the eye by the object directly.

M =
β

α

Since the angles are small, we can approximate α ≈ tan(α) and β ≈ tan(β).
From the diagram, with the intermediate image A′B′ of height h:
The angle subtended by the object at the objective is α. From triangle △A′B′O1 (where O1 is
the optical center of the objective):

tan(α) =
A′B′

O1B′ =
h

fo

The angle subtended by the final image at the eyepiece is β. From triangle △A′B′O2 (where
O2 is the optical center of the eyepiece):

tan(β) =
A′B′

O2B′ =
h

fe

Now, we can find the magnifying power:

M =
tan(β)

tan(α)
=

h/fe
h/fo

M =
fo
fe

This is the expression for magnifying power in normal adjustment.

Condition for Maximum Magnification:
For maximum magnification, the final image is formed at the least distance of distinct vision
(D). In this case, the magnifying power is:

M =
fo
fe

(
1 +

fe
D

)
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Quick Tip

For a telescope, remember: Objective lens is ”large” (large aperture, large focal length) to
collect light and create a spread-out intermediate image. The eyepiece is ”small” (small
focal length) to act as a powerful magnifier for this image. The total magnification is
essentially the ratio of their focal lengths.

24. Derive the condition for resonance in the L-C-R series alternating current cir-
cuit. Find the expression for resonant frequency.

Solution:

Step 1: Understanding the Concept:
Consider a series circuit containing an inductor (L), a capacitor (C), and a resistor (R) con-
nected to an alternating voltage source V = Vm sin(ωt). The circuit offers opposition to the
current flow, which is called impedance (Z). Resonance is a special condition in this circuit
where the current becomes maximum.

Step 2: Key Formula or Approach:
The inductive reactance is XL = ωL, which leads the current by a phase of π/2.
The capacitive reactance is XC = 1

ωC , which lags behind the current by a phase of π/2.
The total impedance (Z) of the series L-C-R circuit is given by the phasor diagram analysis:

Z =
√

R2 + (XL −XC)2

The peak current (Im) in the circuit is given by Ohm’s law for AC circuits:

Im =
Vm
Z

=
Vm√

R2 + (XL −XC)2

Step 3: Deriving the Condition for Resonance:
Electrical resonance occurs when the current in the circuit reaches its maximum possible value.
From the equation for Im, it is clear that for a given Vm and R, the current Im will be maximum
when the impedance Z is minimum.
The impedance Z will be minimum when the term (XL −XC)

2 is minimum, which is zero.

(XL −XC)
2 = 0

XL −XC = 0

XL = XC

This is the condition for resonance in a series L-C-R circuit. At resonance, the inductive
reactance is exactly equal to the capacitive reactance. The impedance becomes purely resistive,
Zmin = R, and the current is in phase with the voltage.
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Step 4: Finding the Expression for Resonant Frequency:
Let the angular frequency at which resonance occurs be the resonant angular frequency, de-
noted by ω0.
Using the resonance condition:

XL = XC

ω0L =
1

ω0C

Rearranging the terms to solve for ω0:

ω2
0 =

1

LC

ω0 =
1√
LC

This is the expression for the resonant angular frequency.
The ordinary frequency (f0) is related to the angular frequency by ω0 = 2πf0.

2πf0 =
1√
LC

f0 =
1

2π
√
LC

This is the expression for the resonant frequency. It is the natural frequency of oscillation
of the circuit.

Quick Tip

Think of resonance as a ”tug-of-war” between the inductor and the capacitor. The
inductor wants to cause a phase lead, and the capacitor wants a phase lag. At resonance,
their effects are equal and opposite (XL = XC), so they cancel each other out, leaving
only the resistor to impede the current.

25. Explain the working of P-N junction diode. Draw the circuit of full wave rec-
tifier and explain its working.

Solution:

Part 1: Working of a P-N Junction Diode
Step 1: Unbiased P-N Junction:
A P-N junction is formed by joining a p-type semiconductor (with majority carriers as holes)
and an n-type semiconductor (with majority carriers as electrons). Due to the concentration
gradient, electrons diffuse from the n-side to the p-side, and holes diffuse from the p-side to the
n-side. This diffusion leaves behind immobile positive ions on the n-side and immobile nega-
tive ions on the p-side, creating a region devoid of mobile charge carriers called the depletion
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region. An electric field, called the potential barrier, is established across this region, which
opposes further diffusion.

Step 2: Forward-Biased P-N Junction:
When the positive terminal of an external voltage source is connected to the p-side and the
negative terminal to the n-side, the junction is forward-biased.
- The applied external electric field opposes the internal barrier field.
- If the applied voltage is greater than the barrier potential (approx. 0.7V for Si), the barrier
is overcome.
- The width of the depletion region decreases.
- Majority charge carriers (holes from p-side and electrons from n-side) can now easily cross
the junction.
- This results in a large current, called the forward current, flowing through the diode. The
diode offers very low resistance in this state.

Step 3: Reverse-Biased P-N Junction:
When the negative terminal of the external voltage source is connected to the p-side and the
positive terminal to the n-side, the junction is reverse-biased.
- The applied external electric field is in the same direction as the internal barrier field, thus
strengthening it.
- The width of the depletion region increases.
- Majority charge carriers are pulled away from the junction and cannot cross it.
- A very small current, called the reverse saturation current or leakage current, flows due to
the movement of minority charge carriers across the junction.
- The diode offers very high resistance in this state. This property of allowing current to flow
in only one direction is called rectification.

Part 2: Full Wave Rectifier
Step 1: Circuit Diagram:
A full-wave rectifier uses two diodes and a center-tapped transformer to convert both halves of
an AC input into a pulsating DC output.

Vin

P A

B

T (Tap)

D
1

D2

M

RLVout

tV VinVout

Step 2: Working:
During the Positive Half-Cycle of AC Input:
- The upper end of the transformer secondary (A) is positive, and the lower end (B) is negative
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with respect to the center tap (T).
- Diode D1 is connected to A, so it becomes forward-biased and conducts.
- Diode D2 is connected to B, so it becomes reverse-biased and does not conduct.
- A current flows through diode D1 and the load resistor RL in the direction from M to T.

During the Negative Half-Cycle of AC Input:
- The upper end (A) becomes negative, and the lower end (B) becomes positive with respect
to the center tap (T).
- Diode D1 is now reverse-biased and does not conduct.
- Diode D2 is now forward-biased and conducts.
- A current flows through diode D2 and the load resistor RL, again in the same direction from
M to T.

Conclusion:
In both halves of the input AC cycle, the current flows through the load resistor RL in the
same direction. This results in a unidirectional, pulsating DC voltage across the load. Since
both halves of the AC wave are utilized, it is called a full-wave rectifier and is more efficient
than a half-wave rectifier.

Quick Tip

For a P-N junction, remember: Forward bias Facilitates Flow (low resistance). Reverse
bias Resists Run (high resistance). For a full-wave rectifier, the key is that no matter
which half of the AC cycle is active, the current is always directed through the load
resistor in the same direction.

26. For a thin lens find the formula 1
f = (µ − 1)

(
1
R1

− 1
R2

)
, where the meaning of

symbols is general.

Solution:

This formula is known as the Lens Maker’s Formula. It relates the focal length of a lens to
the refractive index of its material and the radii of curvature of its two surfaces.

Step 1: Assumptions:
1. The lens is thin, meaning its thickness is negligible compared to the radii of curvature.
2. The aperture of the lens is small.
3. The object is a point object placed on the principal axis.
4. The incident and refracted rays make small angles with the principal axis.

Step 2: Derivation using Refraction at Spherical Surfaces:
Let’s consider a thin convex lens of refractive index µ2 placed in a medium of refractive index
µ1. Let R1 and R2 be the radii of curvature of the first and second surfaces, respectively.
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Principal Axis

Lens (µ2)

Medium (µ1)

O II’C1C2

Object distance, u
Final image distance, v

Intermediate image dist., v’

The general formula for refraction at a single spherical surface is:

µimage space

v
−

µobject space
u

=
µ2 − µ1

R

Refraction at the First Surface (surface 1 with radius R1):
- An object O is placed in the medium (µ1) at a distance u from the lens.
- Light travels from the medium (µ1) to the lens material (µ2).
- A real image I ′ would be formed at a distance v′ if the second surface were absent.
Applying the formula:

µ2
v′

− µ1
u

=
µ2 − µ1

R1
· · · (1)

Refraction at the Second Surface (surface 2 with radius R2):
- The image I ′ formed by the first surface acts as a virtual object for the second surface, at a
distance v′.
- Light travels from the lens material (µ2) back to the medium (µ1).
- The final image I is formed at a distance v.
Applying the formula (note the swapping of µ1 and µ2):

µ1
v

− µ2
v′

=
µ1 − µ2

R2
· · · (2)

Step 3: Combining the Equations:
Now, add equation (1) and equation (2):(

µ2
v′

− µ1
u

)
+
(
µ1
v

− µ2
v′

)
=

µ2 − µ1
R1

+
µ1 − µ2

R2

The term µ2

v′ cancels out.

µ1
v

− µ1
u

= (µ2 − µ1)

(
1

R1

)
− (µ2 − µ1)

(
1

R2

)
µ1

(
1

v
− 1

u

)
= (µ2 − µ1)

(
1

R1
− 1

R2

)
Divide the entire equation by µ1:

1

v
− 1

u
=

(
µ2
µ1

− 1

)(
1

R1
− 1

R2

)
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Step 4: Final Formula:
From the thin lens equation, we know that 1

v − 1
u = 1

f , where f is the focal length of the lens.

Let µ = µ2

µ1
be the refractive index of the lens material with respect to the surrounding medium.

Substituting these into the equation, we get the Lens Maker’s Formula:

1

f
= (µ− 1)

(
1

R1
− 1

R2

)
Meaning of Symbols:
- f : Focal length of the thin lens.
- µ: Refractive index of the material of the lens relative to the surrounding medium.
- R1: Radius of curvature of the first surface where light enters.
- R2: Radius of curvature of the second surface where light exits.
(Note: A proper sign convention must be used for u, v, R1, R2.)

Quick Tip

The derivation of the Lens Maker’s Formula is simply the application of the single spher-
ical surface refraction formula twice, back-to-back. The key step is realizing that the
image from the first surface becomes the object for the second surface. Be very careful
with the sign convention for radii of curvature (R1 is usually positive for a convex surface,
R2 is usually negative).
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