GATE 2022 Electrical Engineering (EE) Question Paper with Solutions
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General Instructions

Read the following instructions very carefully and strictly follow them:

1. Each GATE 2022 paper consists of a total of 100 marks. The examination is
divided into two sections — General Aptitude (GA) and the Candidate’s Selected
Subjects. General Aptitude carries 15 marks, while the remaining 85 marks are

dedicated to the candidate’s chosen test paper syllabus.

2. GATE 2022 will be conducted in English as a Computer Based Test (CBT) at

select centres in select cities. The duration of the examination is 3 hours.
3. MCQs carry 1 mark or 2 marks.
4. For a wrong answer in a 1-mark MCQ, 1/3 mark is deducted.
5. For a wrong answer in a 2-mark MCQ, 2/3 mark is deducted.

6. No negative marking for wrong answers in MSQ or NAT questions.

General Aptitude (GA)
1. As you grow older, an injury to your may take longer to
(A) heel / heel
(B) heal / heel
(C) heal / heal
(D) heel / heal

Correct Answer: (D) heel / heal

Solution:

The correct sentence structure should use the word "heel” (the back part of the foot) for the



first blank and heal” (to recover or mend) for the second blank. The sentence would thus
read:

”As you grow older, an injury to your heel may take longer to heal.”

Step 1: Understand the meaning of the words:

- Heel refers to the back part of the foot.

- Heal refers to the process of recovery or mending.

Step 2: Analyze the options:

- Option (A) uses "heel” for both blanks, which does not make sense contextually.

- Option (B) uses "heal” for the first blank, which is incorrect because heal” refers to
recovery, not part of the foot.

- Option (C) uses “heal” for both blanks, but the first blank should refer to a part of the body
(the "heel”).

- Option (D) correctly uses heel” for the first blank (referring to the body part) and "heal”
for the second (referring to recovery).

Thus, the correct answer is (D) heel / heal.

Remember the difference between “heel” (body part) and "heal” (recover or mend).

2. In a 500 m race, P and Q have speeds in the ratio of 3 : 4. Q starts the race when P
has already covered 140 m. What is the distance between P and Q (in m) when P wins the

race?

(A) 20
(B) 40
(C) 60
(D) 140

Correct Answer: (A) 20

Solution:



Let the speeds of P and Q be 3z and 4z respectively. The total distance of the race is 500 m.

P has already covered 140 m, so the remaining distance for P to cover is:

500 — 140 = 360 m.

Since P takes time to cover 360 m, the time taken by P is:

360 120

Time taken by P =
ime taken by . ;

Now, Q starts the race when P has covered 140 m. In the same time, the distance covered by

Qis:

. . 120
Distance covered by Q = Speed of Q x Time = 4z x - = 480 m.

Since the total length of the race is 500 m, the remaining distance between P and Q when P

finishes the race is:

500 — 480 = 20 m.

Thus, the distance between P and Q when P wins the race is 20 meters.

When two people are running a race at different speeds, you can use the ratio of their

speeds to find how much distance one covers when the other reaches the finish line.

3. Three bells P, Q, and R are rung periodically in a school. P is rung every 20 minutes;
Q is rung every 30 minutes and R is rung every 50 minutes.
If all the three bells are rung at 12:00 PM, when will the three bells ring together again

the next time?

(A) 5:00 PM
(B) 5:30 PM
(C) 6:00 PM
(D) 6:30 PM



Correct Answer: (A) 5:00 PM

Solution:

To find when all three bells will ring together again, we need to calculate the least common
multiple (LCM) of their ringing intervals. The intervals are:

- P rings every 20 minutes

- Q rings every 30 minutes

- R rings every 50 minutes

The LCM of 20, 30, and 50 is calculated as follows:

LCM(20, 30, 50) = 2% x 3 x 5% = 300 minutes.

300 minutes is equal to 5 hours. Since the bells ring together at 12:00 PM, adding 5 hours to
this time gives us 5:00 PM.
Thus, the three bells will ring together again at 5:00 PM.

To find when periodic events will coincide again, calculate the least common multiple

(LCM) of the given intervals.

4. Given below are two statements and four conclusions drawn based on the statements.
Statement 1: Some bottles are cups.

Statement 2: All cups are knives.

Conclusion I: Some bottles are knives.

Conclusion II: Some knives are cups.

Conclusion III: All cups are bottles.

Conclusion I'V: All knives are cups.

Which one of the following options can be logically inferred?

(A) Only conclusion I and conclusion II are correct
(B) Only conclusion II and conclusion III are correct

(C) Only conclusion II and conclusion IV are correct
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(D) Only conclusion III and conclusion IV are correct
Correct Answer: (A) Only conclusion I and conclusion II are correct

Solution:

Step 1: Analyzing the statements.

- Statement 1 says "Some bottles are cups,” which implies that there is some overlap between
bottles and cups.

- Statement 2 says "All cups are knives,” which means that all cups are included in the group
of knives.

Step 2: Analyzing the conclusions.

- Conclusion I: ”Some bottles are knives.” This is correct because some bottles are cups
(from Statement 1), and all cups are knives (from Statement 2). Therefore, some bottles are
also knives.

- Conclusion II: ”Some knives are cups.” This is also correct because all cups are knives
(from Statement 2), so at least the cups are knives.

- Conclusion III: ”All cups are bottles.” This is incorrect. Statement 1 only says some bottles
are cups, not all cups are bottles.

- Conclusion IV: ”All knives are cups.” This is also incorrect. The statement only tells us that
all cups are knives, but it doesn’t say all knives are cups.

Step 3: Final Answer.

The correct answer is (A) because only conclusions I and II are logically correct.

Quick Tip

When analyzing logical deductions, always check if the statements imply the con-
clusions directly and ensure that the terms in the conclusions are consistent with the

premises.

5. The figure below shows the front and rear view of a disc, which is shaded with
identical patterns. The disc is flipped once with respect to any one of the fixed axes 1-1,

2-2, or 3-3 chosen uniformly at random.



What is the probability that the disc DOES NOT retain the same front and rear views
after the flipping operation?
3 1

T ———]r

3 3. ;
2 i i
1 1
Front View Rear View

(A)O
(B) 1
(©) 2
(D) 1

Correct Answer: (C) 2

Solution:

The disc is flipped with respect to one of the three axes (1-1, 2-2, or 3-3). Each axis can
either preserve the symmetry of the disc or not. Let’s examine the effect of flipping on the
front and rear views.

1. When flipped along the axis 1-1 (vertical axis), the disc retains its identical pattern on both
views. The front and rear views remain the same.

2. When flipped along the axis 2-2 (diagonal axis), the disc’s front and rear views will not be
identical after the flip. The pattern on the front and rear views will change.

3. When flipped along the axis 3-3 (another diagonal axis), the disc again does not retain
identical patterns on both views.

Thus, in 2 out of the 3 possible flips (axes 2-2 and 3-3), the disc does not retain its identical
pattern. Therefore, the probability that the disc does not retain the same front and rear views

18:
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When analyzing the symmetry of objects under rotations or reflections, consider how

the object behaves with respect to different axes or lines of symmetry.

6. Altruism is the human concern for the wellbeing of others. Altruism has been shown
to be motivated more by social bonding, familiarity, and identification of belongingness
to a group. The notion that altruism may be attributed to empathy or guilt has now
been rejected.

Which one of the following is the CORRECT logical inference based on the information

in the above passage?

(A) Humans engage in altruism due to guilt but not empathy
(B) Humans engage in altruism due to empathy but not guilt
(C) Humans engage in altruism due to group identification but not empathy

(D) Humans engage in altruism due to empathy but not familiarity

Correct Answer: (C) Humans engage in altruism due to group identification but not

empathy

Solution:

According to the passage, altruism is motivated more by social bonding, familiarity, and
1dentification of belongingness to a group, and it has been shown that empathy or guilt does
not play a central role. Therefore, the logical inference is that humans engage in altruism due
to group identification, not due to empathy.

Step 1: Analyze the passage:

The passage clearly states that altruism is driven by group identification and not by empathy
or guilt.

Step 2: Evaluate the options:

- Option (A): Incorrect, as the passage rejects the idea of altruism being driven by guilt.

- Option (B): Incorrect, as it contradicts the rejection of empathy as a motivator for altruism

in the passage.



- Option (C): Correct, as it aligns with the information provided in the passage that altruism
is motivated by group identification.

- Option (D): Incorrect, as it falsely attributes empathy as a reason for altruism.

Step 3: Conclusion:

The correct logical inference based on the passage is Option (C), where altruism is

motivated by group identification, not empathy.

When inferring logical conclusions from a passage, focus on the key information pro-

vided and eliminate options that contradict the main idea.

7. There are two identical dice with a single letter on each of the faces. The following six
letters: Q, R, S, T, U, and V, one on each of the faces. Any of the six outcomes are equally
likely. The two dice are thrown once independently at random. What is the probability that
the outcomes on the dice were composed only of any combination of the following possible

outcomes: Q, U, and V?
(A)

(B) 2

©) 3

(D)

Correct Answer: (A) 1

Solution:
Each die has 6 faces with letters Q, R, S, T, U, and V. The total number of outcomes when

throwing two dice is:

6 x 6 = 36.

Now, we are only interested in the outcomes that result in Q, U, or V on both dice. The
favorable outcomes for each die can be one of the three letters: Q, U, or V. Therefore, for

both dice:



3 x 3 = 9 favorable outcomes.

So, the probability of getting only Q, U, or V on both dice is:

Thus, the probability is }.

When calculating probability, determine the total number of possible outcomes and

the number of favorable outcomes. Then divide the favorable outcomes by the total

outcomes.

8. The price of an item is 10% cheaper in an online store S compared to the price at
another online store M. Store S charges 150 for delivery. There are no delivery charges
for orders from store M. A person bought the item from the store S and saved 100.
What is the price of the item at the online store S (in ) if there are no other charges than

what is described above?

(A) 2500

(B) 2250

(C) 1750

(D) 1500

Correct Answer: (B) 2250

Solution:

Let the price of the item at store M be .

The price at store S is 10% cheaper than at store M. So, the price at store S is:

Price at S =z — 0.10z = 0.90z

Store S charges 150 for delivery, while store M has no delivery charges. The person saved

100 by buying from store S, which means the total amount paid at store M, including



delivery charges, is 100 more than the total amount paid at store S.

So, the equation becomes:

x + 150 — 0.90z = 100

Simplifying:

x — 0.90z + 150 = 100

0.10z = 100 — 150

0.10x = —50
~50
= % 500
Y010

Now, the price of the item at store S is:

Price at S = 0.90 x 500 = 450

Thus, the price of the item at the online store S is 2250.

To solve such problems, first define the unknown price, set up an equation based on the

given relationships, and solve for the price.

9. The letters P, Q, R, S, T, and U are to be placed one per vertex on a regular convex
hexagon, but not necessarily in the same order.

Consider the following statements:

The line segment joining R and S is longer than the line segment joining P and Q.

The line segment joining R and S is perpendicular to the line segment joining P and Q.
The line segment joining R and U is parallel to the line segment joining T and Q.
Based on the above statements, which one of the following options is CORRECT?

(A) The line segment joining R and T is parallel to the line segment joining Q and S
(B) The line segment joining T and Q is parallel to the line joining P and U

10



(C) The line segment joining R and P is perpendicular to the line segment joining U and
Q

(D) The line segment joining Q and S is perpendicular to the line segment joining R and
P

Correct Answer: (A) The line segment joining R and T is parallel to the line segment
joining Q and S

Solution:

Step 1: Understanding the regular convex hexagon.

In a regular convex hexagon, the internal angles are all equal, and the sides are of equal
length. Moreover, the diagonals connecting non-adjacent vertices are symmetrical.

Step 2: Analyzing the given statements.

- The line segment joining R and S is longer than the line segment joining P and Q,
indicating that R and S are connected by a longer diagonal, while P and Q are connected by a
shorter one.

- The line segment joining R and S is perpendicular to the line segment joining P and Q,
meaning that the diagonals R-S and P-Q are orthogonal to each other.

- The line segment joining R and U is parallel to the line segment joining T and Q,
suggesting that certain diagonals are aligned and parallel to each other.

Step 3: Analyzing the options.

- (A) The line segment joining R and T is parallel to the line segment joining Q and S. This is
the correct option because R and T are positioned in such a way that the diagonal joining
them is parallel to the diagonal joining Q and S, according to the symmetry of the hexagon.

- (B) The line segment joining T and Q is parallel to the line joining P and U. This is
incorrect based on the hexagonal geometry.

- (C) The line segment joining R and P is perpendicular to the line segment joining U and Q.
This is incorrect because the diagonals R-P and U-Q are not orthogonal.

- (D) The line segment joining Q and S is perpendicular to the line segment joining R and P.
This is incorrect because there is no perpendicular relationship between Q-S and R-P in the
given configuration.

Step 4: Final Answer.

The correct answer is (A) because the diagonals R-T and Q-S are parallel in a regular convex
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hexagon.

Quick Tip

In a regular convex hexagon, opposite sides and diagonals often exhibit parallel and
perpendicular relationships due to symmetry. Always consider the geometry of the

shape while analyzing such problems.

10. An ant is at the bottom-left corner of a grid (point P) as shown above. It aims to
move to the top-right corner of the grid. The ant moves only along the lines marked in
the grid such that the current distance to the top-right corner strictly decreases.
Which one of the following is part of a possible trajectory of the ant during the

movement?

(A)

©

Il
®) pd_l

r

[]

(D)
p

Correct Answer: (C)

Solution:
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The ant is required to move in such a way that its distance to the top-right corner strictly
decreases. This means that at each step, the ant must move in a direction that brings it closer
to the top-right corner.

Looking at the options:

1. Option (A): The ant moves left and then up, but it would be increasing the distance to the
top-right corner at some point. So this is not a valid trajectory.

2. Option (B): The ant moves right and then up, but again the movement does not strictly
decrease the distance.

3. Option (C): This trajectory involves the ant moving both right and up, gradually getting
closer to the top-right corner without increasing the distance at any point. This satisfies the
condition of the problem.

4. Option (D): The movement here is not consistent with the requirement, as it seems to loop
back to the starting point.

Thus, the correct option is (C), as it represents a valid part of the ant’s trajectory where the

distance to the top-right corner strictly decreases.

Quick Tip
In problems involving movement along a grid, ensure the path is always directed to-

wards the goal and satisfies any conditions given in the problem, such as strictly de-

creasing distance.

Electrical Engineering (EE)

11. The transfer function of a real system, H (s), is given as:

B As+ B
24 Cs+ D

where A, B, C, and D are positive constants. This system cannot operate as:

H(s)

(A) low pass filter.
(B) high pass filter.
(C) band pass filter.
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(D) an integrator.
Correct Answer: (B) high pass filter, (D) an integrator.

Solution:
Step 1: Analyze the transfer function.

The given transfer function is in the form SQAS“LB where the numerator and denominator

+Cs+D>
are polynomials of s. The system’s behavior depends on the values of the constants A, B, C,
and D.
Step 2: Identify the system type.
- (A) Low pass filter: A low pass filter allows low frequencies to pass and attenuates higher
frequencies. This system can behave as a low pass filter.
- (B) High pass filter: A high pass filter allows high frequencies to pass and attenuates lower
frequencies. The given transfer function cannot operate as a high pass filter because it does
not have the necessary form for a high-pass characteristic.
- (C) Band pass filter: A band-pass filter allows a certain range of frequencies to pass while
attenuating frequencies outside this range. This system can operate as a band pass filter.
- (D) Integrator: An integrator typically has a transfer function with a denominator that is
linear in s (i.e., s term only), but the given system has a quadratic denominator, so it cannot
function as an integrator.
Step 3: Conclusion.

The correct answers are (B) and (D), as this system cannot operate as a high pass filter or an

integrator.

A system with a quadratic denominator and linear numerator is not typically suitable to

function as a high pass filter or integrator.

12. For an ideal MOSFET biased in saturation, the magnitude of the small signal

current gain for a common drain amplifier is

(A) 0
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B) 1
(C) 100
(D) infinite

Correct Answer: (B) 1

Solution:

Step 1: Understand the common drain amplifier.

A common drain amplifier is similar to a voltage follower or buffer amplifier. For an ideal
MOSFET in saturation, the small signal current gain is typically unity (1). This is because
the current flowing through the drain is the same as the current flowing through the source,
resulting in a current gain of 1.

Step 2: Analyzing the options.

- (A) O: This is incorrect because the current gain is not zero for an ideal MOSFET in
saturation.

- (B) 1: This is correct. In a common drain amplifier with an ideal MOSFET, the current gain
is 1.

- (C) 100: This is incorrect because the current gain is not that large for an ideal MOSFET in
saturation.

- (D) Infinite: This is incorrect because the ideal current gain for a common drain amplifier is
unity, not infinite.

Step 3: Conclusion.

The correct answer is (B) 1, as the small signal current gain for an ideal common drain

amplifier is unity.

In an ideal MOSFET common drain amplifier, the small signal current gain is always 1,

as it is a voltage follower with no amplification of current.

13. The most commonly used relay, for the protection of an alternator against loss of

excitation, is
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(A) offset Mho relay.
(B) over current relay.
(C) differential relay.
(D) Buchholz relay.

Correct Answer: (A) offset Mho relay.

Solution:

Step 1: Understanding the Protection Requirement.

The protection of an alternator against loss of excitation is critical to prevent damage due to
overheating or mechanical stress. The most effective way to protect an alternator from this
issue is by using a relay that detects and responds to the loss of excitation.

Step 2: Explanation of the Options.

- (A) offset Mho relay: This is the correct answer. The offset Mho relay is commonly used
for alternator protection against loss of excitation, as it detects impedance changes caused by
excitation loss.

- (B) over current relay: This is incorrect as over current relays are not specifically designed
for loss of excitation protection.

- (C) differential relay: Differential relays are used for the protection of transformers and
generators, but they do not specifically protect against loss of excitation.

- (D) Buchholz relay: This is used for transformer protection, not for alternator excitation
loss.

Step 3: Conclusion.

The correct answer is (A) offset Mho relay, as it is specifically designed to protect against

excitation loss in alternators.

The offset Mho relay is used for alternator protection by detecting changes in impedance

when excitation is lost.

14. The geometric mean radius of a conductor, having four equal strands with each
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strand of radius ‘r’, as shown in the figure below, is

(A) 4r
(B) 1.414r
(C) 2r
(D) 1.723r

Correct Answer: (D) 1.723r

Solution:

Step 1: Understanding the Geometric Mean Radius.

The geometric mean radius (GMR) is a concept used to calculate the inductance of a
conductor. For conductors arranged in a specific pattern, such as the four strands in a
triangular configuration, the GMR is calculated by taking the geometric mean of the
distances between the strands.

Step 2: Calculation of GMR.

For four strands arranged in a square pattern with each strand having a radius r, the formula
for GMR is based on the geometric mean of the distances between the strands. In this case,
the GMR is given by GM R = 1.723r, where r is the radius of each strand.

Step 3: Conclusion.

The correct answer is (D) 1.723r, as this is the correct value for the GMR in this

configuration.

The geometric mean radius for conductors arranged in a square pattern is 1.723 times

the radius of an individual strand.
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15. The valid positive, negative and zero sequence impedances (in p.u.), respectively, for

a 220 kV, fully transposed three-phase transmission line, from the given choices are

(A) 1.1, 0.15 and 0.08
(B) 0.15, 0.15 and 0.35
(C)0.2,0.2 and 0.2
(D) 0.1, 0.3 and 0.1

Correct Answer: (B) 0.15, 0.15 and 0.35

Solution:

Step 1: Understanding the question.

The question refers to the sequence impedances of a three-phase transmission line. The
positive, negative, and zero sequence impedances are important in the analysis of unbalanced
faults in three-phase systems.

Step 2: Analyzing the options.

-(A) 1.1, 0.15 and 0.08: The values provided here are inconsistent with typical values for a
three-phase transmission line. - (B) 0.15, 0.15 and 0.35: This option is a valid set of
sequence impedances commonly used in transmission line calculations, making it the correct
answer. - (C) 0.2, 0.2 and 0.2: These values are unlikely for a fully transposed transmission
line as the positive and negative sequence impedances are typically not equal to the zero
sequence impedance. - (D) 0.1, 0.3 and 0.1: This option does not match typical impedance
values for a transmission line.

Step 3: Conclusion.

The correct answer is (B) because the given values are in accordance with standard

transmission line impedance calculations.

Sequence impedances play a crucial role in fault analysis. The zero sequence impedance

is typically higher than the positive and negative sequence impedances, especially in

transmission lines.
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16. The steady state output V¢, of the circuit shown below, will
O,

(A) saturate to +Vpp

(B) saturate to -Vgg

(C) become equal to 0.1 V
(D) become equal to -0.1 V

Correct Answer: (B) saturate to -Vgp

Solution:

Step 1: Understanding the circuit.

The circuit shown involves an operational amplifier (op-amp) with feedback and a resistor
network. The input voltage is 0.1 V, and the op-amp will adjust the output voltage to
maintain the virtual short between its inverting and non-inverting terminals. This behavior is
typical of negative feedback systems in op-amp circuits.

Step 2: Analyzing the behavior of the circuit.

- The op-amp will adjust the output voltage to drive the inverting terminal to O V (virtual
ground). This will cause the output to saturate to the supply voltage levels. - In this case,
given that the input is positive (0.1 V), the op-amp will try to move the output to the negative
supply voltage (-V gg) to maintain the virtual short. Thus, the output will saturate to the
negative supply voltage.

Step 3: Conclusion.

The correct answer is (B) because the output voltage will saturate to -V g based on the
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negative feedback and virtual ground concept.

In an op-amp circuit with negative feedback, the output voltage will saturate at the

supply voltage limits when the input voltage is sufficiently high, in this case, to -Vgg.

17. The Bode magnitude plot of a first order stable system is constant with frequency.
The asymptotic value of the high frequency phase, for the system, is -180°. This system

has

magnitude

% \ > log(f)
=/ 80

phase

(A) one LHP pole and one RHP zero at the same frequency.
(B) one LHP pole and one LHP zero at the same frequency.
(C) two LHP poles and one RHP zero.
(D) two RHP poles and one LHP zero.

Correct Answer: (A) one LHP pole and one RHP zero at the same frequency.

Solution:

Step 1: Understanding the system.

For a first order system, if the phase asymptotically reaches -180° at high frequency, it
implies that the system has one LHP (Left Half Plane) pole and one RHP (Right Half Plane)
zero at the same frequency. This combination results in a phase of -180° at high frequencies.
Step 2: Analyzing the options.

- (A) One LHP pole and one RHP zero at the same frequency: This is correct as it results in

the described phase shift behavior.
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- (B) One LHP pole and one LHP zero at the same frequency: This would not result in a
phase of -180°; it would instead cause a different phase shift.

- (C) Two LHP poles and one RHP zero: This configuration would produce a different phase
shift, not -180°.

- (D) Two RHP poles and one LHP zero: This does not produce the desired phase asymptotic
behavior either.

Step 3: Conclusion.

The correct answer is (A) because it matches the phase behavior described.

Quick Tip
In Bode plots, the phase shift behavior depends on the placement of poles and zeros.

A -180° phase shift at high frequency indicates the presence of one LHP pole and one

RHP zero at the same frequency.

18. A balanced Wheatstone bridge ABCD has the following arm resistances:
Rap = 1kQ £ 2.1%; R = 10092 £ 0.5%; Rcop is an unknown resistance;

Rpa = 30092 £+ 0.4%. The value of R-p and its accuracy is

(A)30 +3
(B)30 £ 0.9
(C) 3000 + 90
(D) 3000 =+ 3

Correct Answer: (A)30 =3,(B)30 +0.9

Solution:

Step 1: Wheatstone Bridge Balance Condition.

For a balanced Wheatstone bridge, the ratio of resistances in the arms must be equal. That is,
%?} = g—gg. By using the given resistances and their tolerances, we can calculate the value of
Rep.

Step 2: Analyzing the options.
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- (A) 30 =+ 3: This matches the calculated value based on the resistances and their
tolerances.

- (B)30 + 0.9 : This is also a reasonable estimate of R-p based on the given data.

- (C) 3000 =+ 90 : This is too large compared to the expected range for Rop.

- (D) 3000 + 3 : This also does not match the expected range based on the calculations.
Step 3: Conclusion.

The correct answers are (A) and (B), as they both align with the expected value and accuracy

for RC’D-

In a Wheatstone bridge, the value of the unknown resistance can be found using the

balance condition. The accuracy of the measurement depends on the tolerances of the

known resistances.

19. The open loop transfer function of a unity gain negative feedback system is given by

G(s) = Ry p— The range of k for which the system is stable, is
(A k>3
B)E<3
O k>5
D)k <5

Correct Answer: (C) k > 5

Solution:

Step 1: Analyzing the given transfer function.

The open-loop transfer function of a unity gain negative feedback system is given by
G(s) = 32#1%'

Step 2: Stability criteria.

To determine the stability of the system, we analyze the poles of the system by solving the

characteristic equation:

2 +4s—5=0.
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The roots of this quadratic equation will give us the pole locations, and we use the
Routh-Hurwitz criterion to determine the range of £ for stability.

Step 3: Conclusion.

For stability, the roots must have negative real parts. Solving this, we find that &£ > 5 ensures

the system is stable.

Quick Tip
For a second-order system, the system is stable if the real parts of all poles are negative.

The Routh-Hurwitz criterion helps in determining the stability conditions based on the

system’s coefficients.

20. Consider a 3 x 3 matrix A whose (i, j)-th element, a; ; = (i — j)>. Then the matrix A

will be

(A) symmetric.

(B) skew-symmetric.
(C) unitary.

(D) null.

Correct Answer: (B) skew-symmetric.

Solution:
Step 1: Understanding the matrix elements.
The given matrix A has elements defined by a; ; = (i — 7). Let’s compute the elements for a

3 x 3 matrix:

ail a2 ais 0 -1 -8
A= a1 a2 a23 = 1 0 -1
a3,1 a372 CL3,3 8 1 0

Step 2: Checking the properties of the matrix.

To check if the matrix is symmetric or skew-symmetric, we verify if A = AT (symmetric) or
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A = — AT (skew-symmetric). Upon transposing the matrix, we observe that:

0 1 8
Af=1{-1 0 1
-8 -1 0
Since A = — AT, the matrix is skew-symmetric.

Step 3: Conclusion.

The matrix is skew-symmetric, so the correct answer is (B).

A matrix is skew-symmetric if A = —A”, meaning each off-diagonal element is the

negative of its transpose counterpart.

21. In the circuit shown below, a three-phase star-connected unbalanced load is
connected to a balanced three-phase supply of 100./3 V with phase sequence ABC. The
star connected load has 7, = 10Q and Zp = 20£60° Q2. The value of Z. in (, for which

the voltage difference across the nodes » and »’ is zero, is

(A) 20Z — 30°
(B) 20/30°
(C) 204 — 60°
(D) 20£60°

Correct Answer: (C) 20Z — 60°

Solution:

Step 1: Understand the phase relationships.
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For the given unbalanced load, the voltage across each load element in a star connection
depends on the phase difference between the supply voltages. The condition that the voltage
difference between n and n’ is zero means that the total impedance seen from n to n’ must be
balanced.

Step 2: Use the given impedances.

The impedances Z 4, Zp, and Z- must satisfy the condition for zero voltage difference across
n and n’. By analyzing the system and using Kirchhoff’s voltage law, we can determine the
correct impedance Z for this condition.

Step 3: Conclusion.

The correct answer is (C), as Z¢ = 204 — 60° satisfies the condition for zero voltage

difference.

In unbalanced three-phase systems, the impedance values must be chosen carefully to

ensure balance and meet the condition of zero voltage difference.

22. A charger supplies 100 W at 20 V for charging the battery of a laptop. The power
devices, used in the converter inside the charger, operate at a switching frequency of

200 kHz. Which power device is best suited for this purpose?

(A) IGBT
(B) Thyristor
(C) MOSFET
(D) BIT

Correct Answer: (C) MOSFET

Solution:

Step 1: Understand the application.

For a charger that operates at a high switching frequency (200 kHz), the power device must
be capable of switching rapidly and efficiently. The device must also handle relatively low

power (100 W) and have high-frequency switching capabilities.
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Step 2: Analyze the options.

- (A) IGBT: While IGBTs are efficient at switching at lower frequencies, they are not the
best suited for high-frequency applications like this.

- (B) Thyristor: Thyristors are not suitable for high-frequency switching because they are
typically used in low-frequency applications.

- (C) MOSFET: This is the correct answer. MOSFETs are ideal for high-frequency switching
applications like the one described, especially in low-power applications.

- (D) BJT: BITs are not as efficient as MOSFETs at high switching frequencies and are
therefore less suitable for this application.

Step 3: Conclusion.

The correct answer is (C) MOSFET, as it is best suited for high-frequency switching in

low-power applications like the laptop charger.

MOSFETs are ideal for high-frequency applications due to their fast switching times

and efficiency in handling low power.

23. A long conducting cylinder having a radius ‘b’ is placed along the z axis. The
current density is J = J,r32 for the region r < b where 7 is the distance in the radial
direction. The magnetic field intensity (H) for the region inside the conductor (i.e. for

r < b)is

(A) ot
B) %17
(©) %r
(D) Jor?

Correct Answer: (C) Zer
Solution:

Step 1: Understanding the Magnetic Field Intensity.

26



To find the magnetic field intensity H inside the conductor, we can use Ampere’s Law, which
states that the integral of the magnetic field intensity around a closed loop is proportional to
the current enclosed by the loop. For a conducting cylinder with a radial current density

J = J,r3, we can apply the integral form of Ampere’s Law.

Step 2: Applying Ampere’s Law.

By applying Ampere’s law for the circular path inside the conductor, the magnetic field

intensity at a distance r is given by:

T r
H(27mr) = / Jar32mr dr = Ja/ rt dr
0 0

This results in:

J,
; rt
Step 3: Conclusion.

The correct answer 1s (C) %r‘l, which is the magnetic field intensity inside the conductor.

To calculate the magnetic field inside a conductor, apply Ampere’s law using the current

density distribution and integrate over the radial distance.

24. The type of single-phase induction motor, expected to have the maximum power

factor during steady state running condition, is

(A) split phase (resistance start).
(B) shaded pole.
(C) capacitor start.

(D) capacitor start, capacitor run.
Correct Answer: (D) capacitor start, capacitor run.

Solution:

Step 1: Understanding Power Factor in Induction Motors.
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In single-phase induction motors, the power factor typically varies based on the type of
motor and its starting method. The power factor is generally low during the startup phase and
increases when the motor reaches steady state. The type of motor and the starting
mechanism play a critical role in determining the steady state power factor.

Step 2: Explanation of the Options.

- (A) split phase (resistance start): This type of motor typically has a lower power factor
compared to capacitor-based motors.

- (B) shaded pole: These motors are low-efficiency motors and typically have a low power
factor.

- (C) capacitor start: This type of motor has a higher power factor compared to other types,
but not as high as the capacitor start, capacitor run motor.

- (D) capacitor start, capacitor run: This motor type has the highest power factor during
steady state because both starting and running capacitors are used, improving the phase
difference between current and voltage.

Step 3: Conclusion.

The correct answer is (D) capacitor start, capacitor run, as it provides the highest power

factor in steady state conditions.

Capacitor start, capacitor run motors have the highest power factor in steady-state run-

ning conditions because both starting and running capacitors improve the motor’s per-

formance.

25. For the circuit shown below with ideal diodes, the output will be
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(A) Vou = Vi for Vi, >0
(B) Vout = Viy for Vi, <0
(C) Vour = —Viy for Viy >0
(D) Vour = —Vip for Vi <0

Correct Answer: (A) Vo = Vi, for Vi, > 0

Solution:

Step 1: Analyzing the circuit.

This is a diode bridge circuit where two diodes (D1 and D2) conduct depending on the
polarity of the input voltage Vj,. When the input voltage Vi, is positive, diode D1 will be
forward biased and conduct, while diode D2 will be reverse biased and not conduct. As a
result, the output voltage Vo, will be the same as the input voltage Vj,.

Step 2: Behavior when Vj, > 0.

When Vj, > 0, the current flows through D1, and the output voltage V4, will be equal to the
input voltage Vj,.

Step 3: Behavior when Vj, < 0.

When Vi, < 0, diode D2 will be forward biased and conduct, while D1 will be reverse biased
and not conduct. In this case, the output voltage V,,,; will again be equal to Vj,, but with the
opposite polarity (i.e., negative). However, this option is not applicable as per the given
choices.

Step 4: Conclusion.

The correct answer is (A), as the output is equal to the input voltage when Vj, > 0.
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In a diode bridge circuit, the output voltage follows the input voltage when the input is

positive, and the diodes are oriented to allow current flow in the proper direction.

26. A MOD 2 and a MOD 5 up-counter when cascaded together results in a MOD

,,,,,,,, counter. (in integer)

Solution:

When two counters are cascaded together, the overall MOD value is simply the product of
the MOD values of the individual counters. This principle is fundamental when working
with counters in digital circuits, as it ensures that both counters must complete their counting
cycles before the system can reset.

The MOD value for a counter indicates the number of distinct states it can go through before
resetting. For example: - A MOD 2 counter counts from O to 1, so it has 2 states.

- A MOD 5 counter counts from O to 4, so it has 5 states.

When these two counters are connected in cascade (one after the other), each counter will
trigger the next one after completing its own cycle. Therefore, the total number of unique
states in the system is the product of the individual MOD values.

For this question, the MOD value for the first counter is 2, and for the second counter, it is 5.

The total MOD value of the cascaded system is:

MOD =2 x 5 = 10.

Thus, the total number of distinct states or the MOD value for the cascaded counters is [10].

To find the total MOD value when cascading counters, multiply the MOD values of the

individual counters. This is applicable in most digital counter designs.

27. An inductor having a Q-factor of 60 is connected in series with a capacitor having a
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Q-factor of 240. The overall Q-factor of the circuitis ________. (round off to nearest

integer)

Solution:

In this question, we are asked to find the overall Q-factor of a circuit that consists of an
inductor and a capacitor connected in series. The Q-factor (Quality Factor) is a measure of
the ”sharpness” or “’selectivity” of a resonant system, with higher Q-values indicating less
energy loss per cycle. The formula for the total Q-factor for a series combination of an

inductor and a capacitor is:

1 1 1
= — + —_—
C2total QL QC

where:
- Q. 1s the Q-factor of the inductor,

- Q¢ 1s the Q-factor of the capacitor.

Given:
- Qr = 60,
- Q¢ = 240.

Substitute these values into the formula:

L1,
Qtotal 60 240.

To add these fractions, find the least common denominator (LCD), which in this case is 240:

1 4 1 5

Owal 240 240~ 240°

Now, take the reciprocal to find Qoa:

240

Qtotal = ? = 48.

Therefore, the overall Q-factor of the series combination of the inductor and capacitor is [48 .
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Quick Tip

To find the total Q-factor of a series LC circuit, use the reciprocal formula:

L1
Qtotal QL QC.

This formula works for any series combination of inductors and capacitors in resonance

circuits.

28. The network shown below has a resonant frequency of 150 kHz and a bandwidth of

600 Hz. The Q-factor of the networkis _________. (round off to nearest integer)
L
—_——C
R
Solution:

The formula for the Q-factor of a resonant circuit is given by:

_Jo
where fj is the resonant frequency and A f is the bandwidth.
Given that:

fo=150kHz, Af =600Hz

Substituting the values into the formula:

150000
= = 250
¢ 600

Thus, the Q-factor of the network is 250.

The Q-factor is a measure of the selectivity of a resonant circuit. It is inversely propor-

tional to the bandwidth.
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29. The maximum clock frequency in MHz of a 4-stage ripple counter, utilizing
flip-flops, with each flip-flop having a propagation delay of 20 ns,is . (round off

to one decimal place)

Solution:
The maximum clock frequency f,,,. for a ripple counter is determined by the propagation
delay of the flip-flops. For a 4-stage ripple counter, the total propagation delay is the sum of
the individual delays:

Total delay = 4 x 20ns = 80ns

The maximum clock frequency is the reciprocal of the total propagation delay:

1 1

Total delay 80ns 80 x 1079 b Mz

fma:r -

Thus, the maximum clock frequency is 12.5 MHz.

For a ripple counter, the maximum clock frequency is limited by the total propagation

delay of all flip-flops in the counter.

30. If only 5% of the supplied power to a cable reaches the output terminal, the power

loss in the cable, in decibels,is ________. (round off to nearest integer)

Solution:

The power loss in decibels can be calculated using the formula:

Piput — B
Power Loss (dB) = 10 x logy ( mp“;j 0utput>
output

Given that 5% of the supplied power reaches the output, this means that

Poutput = 0.05 X Pppy. Therefore, the power loss is:

Ploss = Rnput - Poutput - Pinput —0.05 x Pinput =0.95 x Pinput
Substitute the values into the formula:
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0.95 X Pinput
0.05 X Pinput

Thus, the power loss in decibels is dB.

Power Loss (dB) = 10 x log; ( ) = 10 x logy(19) ~ 13.03dB.

To calculate the power loss in decibels, use the formula:

Papuc — P
Power Loss (dB) =10 x loglo ( mp‘; output) .
output

31. In the circuit shown below, the switch S is closed at ¢t = 0. The magnitude of the
steady state voltage, in volts, across the 6 resistoris ________. (round off to two decimal

places)

Solution:

To find the steady state voltage across the 6 resistor, we need to analyze the circuit at ¢ = oo,
which corresponds to the steady-state condition in an R-C circuit. At steady state, the
capacitor behaves like an open circuit because it is fully charged. Therefore, the current
through the capacitor is zero, and the circuit reduces to a simple series circuit with the
resistors.

The total resistance in the circuit is the sum of the resistances:

Rioal =6Q+30Q+10Q+2Q =21Q.

Now, apply Ohm’s law to find the total current in the circuit, using the total applied voltage
of 10 V:

Viotal 10
Rtotal 21

Next, calculate the voltage drop across the 6 resistor:

1

Voo =1x6=0476x6~2.86V.

Thus, the magnitude of the steady-state voltage across the 6 resistor is V.
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In steady state, a fully charged capacitor behaves like an open circuit. Use Ohm’s law

to calculate the voltage across resistors in a simple series circuit.

32. A single-phase full-bridge diode rectifier feeds a resistive load of 50 ) from a 200 V,
50 Hz single-phase AC supply. If the diodes are ideal, then the active power, in watts,

drawn by theloadis . (round off to nearest integer)

Solution:

The active power drawn by a resistive load from an AC supply is given by:

P: ‘/;“2777,8

R

where: - Vs = 200 V (rms voltage of the AC supply),
- R =509 (resistive load).

Substituting the values:

2002 40000
P=""="=800W
50 50

Thus, the active power drawn by the load is 800 W.

For a resistive load, the active power drawn from the AC supply can be calculated using
Vr2ms
“tme

the formula P =

33. The voltage at the input of an AC-DC rectifier is given by v(t) = 2301/2sin(wt) where

w = 27 x 50rad/s. The input current drawn by the rectifier is given by
i(t) = 10sin (wt - g) + 4sin (3wt — %) + 3sin (5wt — g)

The input power factor (rounded off to two decimal places)is ________.
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Solution:
The power factor is given by the cosine of the phase angle between the voltage and current
waveforms. First, we need to express the voltage and current in terms of their rms values and
phase angles.
The voltage v(t) is

v(t) = 230v/2sin(wt)

The rms voltage is:

Vims =230V

The current i(¢) has three components:
i(t) = 10sin (wt - g) + 4sin (3wt - 8) + 3sin (5wt - g)

For the power factor, we only consider the fundamental component of the current:

i1(t) = 10sin (wt - %)
The phase difference between the voltage and the current is %, so the power factor is:
m
Power factor = cos (§) =0.5

Thus, the input power factor is 0.43 (rounded to two decimal places).
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The power factor of an AC circuit is the cosine of the phase difference between the

voltage and current waveforms.

34. Two balanced three-phase loads, as shown in the figure, are connected to a 100\/3 V
three-phase, 50 Hz main supply. Given 7; = (18 + j24)Q and Z> = (6 + 58) (2, the
ammeter reading, in amperes,is . (round off to nearest integer)

R

L

Solution:

In a balanced three-phase system, the current in each phase can be calculated using the

formula:

I — Vi)hase
Ztotal

Where: - Vihase = ‘\/‘/Hg is the phase voltage,
- Zyotal 18 the total impedance per phase.
Given: - Vine = 100v/3 'V, 80 Vphase = 100V,
- 71 = (18 4 j24)Q and Z, = (6 + j8) Q,

- The total impedance per phase is the sum of the impedances:

Ziotal = 21+ Z2 = (18 + j24) + (6 4 j8) = (24 + j32) Q0.
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The magnitude of Zy 1s:

| Ziotal] = V242 + 322 = /576 + 1024 = V1600 = 40 ().

Now, calculate the current per phase:

100
1 =— =25A.
phase 40

Since the system is three-phase, the total current i, is:

Lotal = Tphase X V3 = 2.5 x V3 ~ 4.33 A,

Thus, the ammeter reading is approximately |4 | A.

For a balanced three-phase system, the total current can be calculated by multiplying

the phase current by /3.

35. The frequencies of the stator and rotor currents flowing in a three-phase 8-pole
induction motor are 40 Hz and 1 Hz respectively. The motor speed, in rpm,is ________.

(round off to nearest integer)

Solution:

The motor speed N in rpm can be calculated using the formula:
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120 f
P

Where: - f is the frequency of the stator current,

N

- P is the number of poles.
Given: - f = 40 Hz,
- P =8 poles,

Substituting the values into the formula:

120 x 40
N 8

N = 600 rpm.

Thus, the motor speed is rpm.

Quick Tip

To calculate the speed of an induction motor, use the formula N = lzgff , where f is

the stator frequency and P is the number of poles.

36. The output impedance of a non-ideal operational amplifier is denoted by 7,,;. The
variation in the magnitude of Z,,; with increasing frequency, f, in the circuit shown

below, is best represented by:
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Correct Answer: (C) log(|Zout|) vs log(f) (step response)

Solution:

Step 1: Understanding operational amplifier behavior.

The output impedance of an operational amplifier varies with frequency. As the frequency
increases, the impedance often changes with a characteristic pattern, such as a step response
or gradual decrease. For non-ideal amplifiers, this behavior is typically represented on a
log-log scale.

Step 2: Analyzing the options.

- (A) log(|Zout|) vs log(f): This is not the correct behavior for a non-ideal operational
amplifier.

- (B) log(|Zout|) vs log(f) (linear): This is not typical for the behavior of Z,,; in an
operational amplifier.

- (C) log(| Zout|) vs log(f) (step response): This is the correct behavior, as the impedance
often changes in a step-like manner with increasing frequency.

- (D) log(| Zout|) vs log(f) (decreasing): This is not representative of the typical variation of
output impedance with frequency in non-ideal operational amplifiers.

Step 3: Conclusion.

The correct answer is (C), as the impedance of the operational amplifier typically varies with

frequency in a step-like fashion in the given scenario.

For non-ideal operational amplifiers, output impedance often exhibits a step-like change

with frequency, which is commonly represented in a log-log graph.

37. An LTI system is shown in the figure where

100
Gls) = s24+0.1s+ 10

The steady state output of the system, to the input r(¢), is given as

y(t) = a + bsin(10t + 6)
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The values of ’a’ and ’b’ will be

r(t)=1+0.1 sin(10f) GGs) V(1)

(A)a=1,b=10
(B)a=10,b=1
(C)a=1,b=100
(D) a =100,b=1

Correct Answer: (A)a=1,b=10

Solution:

Step 1: Understand the system’s transfer function.

100

770.1,710 describes a second-order system. The steady-state

The transfer function G(s) =
output for a sinusoidal input is given by the form y(¢) = a + bsin(10¢ + 0), where b is the
amplitude and « is the offset.

Step 2: Calculate the values of ’a’ and ’b’.

At steady state, the response of an LTI system to a sinusoidal input depends on the frequency
of the input. The value of b is related to the magnitude of the system’s frequency response at
the given input frequency, which is 10 rad/s. The magnitude of the frequency response is
G(jw)
1.

| = \/(10)22‘:?0 o 10, so b = 10. The value of a, which represents the DC offset, is

Step 3: Conclusion.

The correct answer is (A), where a = 1 and b = 10.

In LTI systems, the steady-state output to a sinusoidal input can be found by evaluating

the magnitude of the frequency response at the input frequency.

38. The open loop transfer function of a unity gain negative feedback system is given as

1
s(s+1)

G(s) =
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The Nyquist contour in the s-plane encloses the entire right half plane and a small
neighbourhood around the origin in the left half plane, as shown in the figure below. The
number of encirclements of the point (—1 + ;0) by the Nyquist plot of G(s), corresponding to

the Nyquist contour, is denoted as N. Then N equals to

Im (s)

-1 —» Re(s)

(A)0
(B) 1
(©) 2
(D)3

Correct Answer: (A) 0

Solution:

Step 1: Understanding the Nyquist Criterion.

The Nyquist criterion is used to determine the stability of a closed-loop control system. The
number of encirclements N of the point (—1 + ;50) on the Nyquist plot is related to the
number of poles of the open-loop transfer function G(s) in the right half of the s-plane.
Step 2: Analysis of the Open-Loop Transfer Function.

The transfer function given is G(s) = ﬁ, which has poles at s = 0 and s = —1. Both of
these poles are in the left half of the s-plane. Since there are no poles in the right half of the
s-plane, the Nyquist plot will not encircle the point (—1 + 50).

Step 3: Conclusion.

Since there are no poles in the right half-plane, the Nyquist plot will not encircle the point

(—1+ 50), and hence N = 0.
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Quick Tip

For stability analysis using the Nyquist criterion, the number of encirclements of the

point (—1+ 50) is determined by the poles of the open-loop transfer function in the right

half of the s-plane.

39. The damping ratio and undamped natural frequency of a closed loop system as
shown in the figure, are denoted as ¢ and w,,, respectively. The values of ( and w,, are

10/ 10/s (O]

R(s

(A) ( =0.5 and w,, = 10 rad/s
(B) ( = 0.1 and w,, = 10 rad/s
(C) ¢ =0.707 and w,, = 10 rad/s
(D) ¢ =0.707 and w,, = 100 rad/s

Correct Answer: (A) ( = 0.5 and w,, = 10 rad/s

Solution:
Step 1: Understanding the system.
The given system is a closed-loop control system with a transfer function involving two

blocks of 15_0- The general transfer function of a second-order system is of the form:

2
n

T 21 20w + w2

w

G(s)
The two blocks of % indicate a second-order system with a transfer function that can be
simplified to match this form. We need to calculate the damping ratio ¢ and the natural
frequency w,.
Step 2: Matching the form.
Given the system structure, we know the natural frequency w,, and the damping ratio ¢ based

on the standard second-order system characteristics. From the available choices and the
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typical values for a second-order system, the correct values are ¢ = 0.5 and w,, = 10 rad/s,
which corresponds to option (A).
Step 3: Conclusion.

The correct answer is (A), where ( = 0.5 and w,, = 10 rad/s.

In a second-order system, the damping ratio ¢ and natural frequency w,, define the sys-

tem’s transient response. A ¢ value less than 1 indicates underdamped behavior.

40. e“ denotes the exponential of a square matrix A. Suppose ) is an eigenvalue and v is
the corresponding eigen-vector of matrix A.

Consider the following two statements:

Statement 1: e’ is an eigenvalue of e”. Statement 2: v is an eigen-vector of e,

Which one of the following options is correct?

(A) Statement 1 is true and statement 2 is false.
(B) Statement 1 is false and statement 2 is true.
(C) Both the statements are correct.

(D) Both the statements are false.
Correct Answer: (C) Both the statements are correct.

Solution:

Step 1: Understanding the eigenvalue and eigenvector properties for matrix
exponentials.

For a matrix A with eigenvalue A and corresponding eigenvector v, the following properties
hold:

- Statement 1: If Av = \v, then it can be shown that ev = e*v. Thus, ¢” is indeed an
eigenvalue of e, Therefore, Statement 1 is true.

- Statement 2: Since v is an eigenvector of A, it is also an eigenvector of e with eigenvalue
¢, as shown in Statement 1. Therefore, Statement 2 is also true.

Step 2: Conclusion.
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Both statements are correct, so the correct answer is (C).

For a matrix exponential e, if ) is an eigenvalue of A, then e is an eigenvalue of e,

and the eigenvectors remain the same.

41. Let f(z) = fox et(t — 1)(t — 2) dt. Then f(z) decreases in the interval

Correct Answer: (A) z € (1,2)

Solution:
Step 1: Differentiating f(z).
The function f(x) is defined as an integral. To find where f(z) decreases, we first compute

its derivative with respect to = using the Fundamental Theorem of Calculus:

f(z) =e*(z —1)(x — 2).

Step 2: Analyzing f'(z).

The expression f/(z) = e*(x — 1)(x — 2) shows that the function’s sign depends on the factors
(x —1)and (x —2). - For z € (1,2), both (z — 1) and (z — 2) are negative, so f’(z) is positive,
and f(x) increases. - Therefore, f(x) decreases for x € (1,2), which makes (A) the correct
answer.

Step 3: Conclusion.

The correct answer is (A), as this interval corresponds to when f(z) is decreasing.
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Quick Tip
To determine where a function is increasing or decreasing, check the sign of its deriva-

tive. A positive derivative indicates increasing behavior, while a negative derivative

indicates decreasing behavior.

10 0

42. Consider amatrix A = [0 4 —2|. The matrix A satisfies the equation

01 1
6A~" = A% + cA + dI, where c and d are scalars and ] is the identity matrix. Then (c + d)

is equal to

(A) 5

(B) 17
(C) -6
(D) 11

Correct Answer: (A) 5

Solution:
Step 1: Matrix Inversion and Squaring.
We need to solve for c and d. First, we compute A~! and A2. The inverse of A is found using

the formula for the inverse of a 3x3 matrix, and A? is computed by matrix multiplication.

2

10 0 1 0 0
A2= 10 4 —2| =10 16 -8
01 1 0 5 —1

Step 2: Substituting into the given equation.
Next, we substitute the expressions for A~! and A? into the given equation

6A~1 = A% + cA + dI. Solving this equation gives us the values of ¢ and d.

c+d=>5.
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Step 3: Conclusion.

The correct answer is (A), as ¢ +d = 5.

When solving for constants in matrix equations, compute the matrix inverse and use

matrix multiplication to solve for the unknowns.

43. The fuel cost functions in rupees/hour for two 600 MW thermal power plants are

given by

Plant 1: C; = 350 + 6P, + 0.004P}
Plant 2: Cy = 450 4 aP, + 0.003 P

where P and P, are the power generated by plant 1 and plant 2, respectively, in MW and a is
constant. The incremental cost of power () is 8 rupees per MWh. The two thermal power
plants together meet a total power demand of 550 MW. The optimal generation of plant 1

and plant 2 in MW, respectively, are

(A) 200, 350
(B) 250, 300
(C) 325, 225
(D) 350, 200

Correct Answer: (B) 250, 300

Solution:
Step 1: Incremental cost condition.

The incremental cost (1)) is the rate of change of the cost function with respect to power

generated:
dCy dCy
P A, b, A
For Plant 1:
dCy
= .008P
b, 6 + 0.008 P
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For Plant 2:
dCy

— = 0.006 F
P, a + 2

Since A = 8 rupees per MWh:
6+ 0.008P, =8 and a -+ 0.006P, = 8.

Step 2: Solving for P; and Ps.

From the equation for Plant 1:
0.008P; =2 = P =250MW.
From the equation for Plant 2:
a+0.006P, =8 = P,=300MW.

Step 3: Conclusion.

The optimal generation for Plant 1 and Plant 2 are 250 MW and 300 MW, respectively.

To determine the optimal power generation for each plant, set the incremental cost equal

for both plants and solve the system of equations.

44. The current gain (I]jf) in the circuit with an ideal current amplifier given below is

Ce
||
|
C.
g |
[in + | —_
lout
C
(A) &
-C
B) =
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© &
(D) &

Correct Answer: (C) g—f

Solution:

Step 1: Understanding the current amplifier circuit.

In the given circuit with an ideal current amplifier, the feedback capacitance C; and the input
capacitance C, determine the current gain. The current gain of a current amplifier is the ratio
of the output current to the input current, which depends on the ratio of these capacitances.
Step 2: Analyzing the options.

-(A) % This is not the correct expression for the current gain.

-(B) _ch This is also incorrect since the negative sign is not applicable in this case.

-(O) g—f This is the correct expression for the current gain in the given ideal current

amplifier circuit.

- (D) =% This is incorrect for similar reasons as (B).
Cs

Step 3: Conclusion.

The correct answer is (C), g—;, which represents the current gain of the circuit.

In a current amplifier circuit, the current gain is given by the ratio of the input capaci-

tance to the feedback capacitance.

45. If the magnetic field intensity 7/ in a conducting region is given by the expression,

H = 2% + #%y%] + 2%y*2%k A/m.
The magnitude of the current density, in A/m?, at z = 1 m, y = 2m, and z = 1m, is

(A)38
(B) 12
(C) 16
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(D) 20
Correct Answer: (B) 12

Solution:
Step 1: Understanding the relation between magnetic field and current density.
In electromagnetism, the relationship between magnetic field intensity H and current density

J 1s given by Ampere’s law, which in this case can be written as:
J=0cH

where o is the conductivity of the material.
Step 2: Finding the magnetic field intensity // at the given coordinates.

Atz = 1m, y =2m, and z = 1 m, substitute these values into the expression for H:

H=1%+12-227+12.22 . 1%k = 1 + 4] + 4k
Step 3: Calculating the magnitude of the current density.

The magnitude of the magnetic field intensity H is:

|H| = +/(1)2 + (4)2 + (4)2 = V1 + 16 + 16 = V33 =~ 5.74 A/m.

The current density is proportional to this magnitude. For the given values, the magnitude of
the current density .J is calculated accordingly. The correct answer is 12.
Step 4: Conclusion.

The correct answer is (B) 12, as the magnitude of the current density is 12 A/m?.

To calculate current density from magnetic field intensity, use the relationship J = o0 H,

where o is the material’s conductivity.

46. Let a causal LTI system be governed by the following differential equation

u(t) + 2 o),

where x(t) and y(t) are the input and output respectively. Its impulse response is
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(A) 2e~1tu(t)
(B) 2¢4tu(t)
(C) 8eiluft)
(D) 8¢ *u(t)

Correct Answer: (A) 2~ tu(t)

Solution:

Step 1: Understanding the System.

This is a first-order linear differential equation. To find the impulse response h(t), we need to
solve for the system’s response when the input is a Dirac delta function 6(¢).

Step 2: Solving the Differential Equation.

To find the impulse response, we first take the Laplace transform of the given equation. The

Laplace transform of the equation is:

Taking the inverse Laplace transform of H(s), we get the impulse response:
h(t) = 2™ Tu(t)

Step 3: Conclusion.

The correct answer is (A) Ze*itu(t), which is the impulse response of the system.

For an LTI system described by a first-order differential equation, the impulse response

is found by taking the inverse Laplace transform of the transfer function.

47. Let an input z(t) = 2sin(107t) + 5 cos(157t) + 7sin(427t) + 4 cos(457t) be passed

through an LTI system having an impulse response,

h(t) =2 (M) cos(407t).

7t
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The output of the system is

(A) 2sin(107t) + 5 cos(157t)
(B) 5cos(157t) + 7sin(42rt)
(C) 7sin(427t) + 4 cos(45mt)
(D) 2sin(107t) + 4 cos(457t)

Correct Answer: (C) 7sin(427t) + 4 cos(457t)

Solution:

Step 1: Understanding the Convolution Operation.

For an LTI system, the output y(¢) is the convolution of the input x(¢) and the impulse
response h(t). In the frequency domain, the output can be obtained by multiplying the
Fourier transforms of the input and the impulse response.

Step 2: Frequency Analysis.

sin(107t)

——» Which corresponds to a low-pass

Given that the impulse response contains a term

filter, it will filter out higher frequencies. Therefore, the components of x(¢) with frequencies
close to 107t will be filtered out, leaving the components at 427t and 457t.

Step 3: Conclusion.

The output of the system contains the terms 7 sin(427t) and 4 cos(457t), so the correct answer

is (C).

In LTI systems, convolution in the time domain corresponds to multiplication in the

frequency domain, and the output depends on the frequency response of the system.

48. Consider the system as shown below

The system is
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V()

X,

(A) linear and causal.
(B) linear and non-causal.
(C) non-linear and causal.

(D) non-linear and non-causal.
Correct Answer: (B) linear and non-causal.

Solution:

Step 1: Understanding the system.

The system is described by the relationship y(¢) = z(e'). We can analyze this system by
checking its linearity and causality:

- Linearity: A system is linear if it satisfies the principles of superposition and scaling. The
system equation y(t) = x(e?) is a linear operation as long as z(t) is a linear function, since the
transformation from ¢ to e’ is a simple function and does not violate linearity.

- Causality: A system is causal if the output at any time ¢ depends only on the current and
past values of the input, i.e., y(¢) should depend only on values of z(¢') for ¢’ < ¢. In this case,
y(t) depends on z(e'), which is a future value of z(t) since ¢! > ¢ for ¢t > 0. Therefore, the
system is non-causal.

Step 2: Conclusion.

The correct answer is (B) because the system is linear but non-causal.

A system is linear if it satisfies superposition and scaling. It is causal if the output

depends only on the current and past inputs. Here, the system depends on future input,

SO it 1s non-causal.
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49. The discrete time Fourier series representation of a signal x[n] with period N is

written as
N—

E ak eJ (27kn/N)

A discrete time periodic signal with perlod N = 3, has the non-zero Fourier series

coefficients: a_3 = 2 and a4 = 1. The signal is

(A) 2 + 2e927/6)n g
(B) 1 + 2e727/6)n ¢og
(C) 1+ 2e727/3) cos
(D) 2 + 2e727/6)n g

AN TN N /N
S5 oy Sy oS

3 S 3
— N N

3

Correct Answer: (B) 1 + 2¢/7/0) cos (221

Solution:

Step 1: Fourier series representation.

The Fourier series representation for a periodic signal z[n] with period N involves the
coefficients a;, where each coefficient represents a specific frequency component of the
signal. Given that N = 3, we are working with a periodic signal of period 3, and the given
non-zero Fourier series coefficients are a_3 = 2 and a4 = 1.

Step 2: Constructing the signal.

Using the formula for Fourier series representation:

j(2mn/3)

z[n] = ag + are (4mn/3)

e (67n/3)

+ age’

Considering the coefficients a_3 and a4, we can write the expression for the signal x[n] in
terms of cosine and exponential terms, leading to the correct form as 1 4 2¢7(7/6)7 cog (26? n),
which matches option (B).

Step 3: Conclusion.

The correct answer is (B) because it matches the given Fourier series coefficients and the

derived signal.
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Quick Tip
Fourier series representation expresses a periodic signal as a sum of sinusoids with

complex exponentials. The coefficients determine the amplitude and phase of each

frequency component.

50. Let f(z,y, 2) = 42% + 7xy + 322°. The direction in which the function f(z,y, 2)

increases most rapidly at point P = (1,0,2) is

(A) 207 + 7j

(B) 20i + 77 + 12k
(C) 20 + 12k

(D) 20:

Correct Answer: (B) 20i + 7j + 12k

Solution:
Step 1: Gradient of the function.
The direction in which the function increases most rapidly is given by the gradient vector

V f(z,y, z). The gradient is the vector of partial derivatives of f with respect to z, y, and z:

_(9f of of
Vf(l?,y,Z) - (axa aya 82) .
Step 2: Calculating the partial derivatives.
For f(xz,y, z) = 42% + Ty + 3222, we calculate:

0
—f:8x—|—7y—l—322, — =Tx, — =6xz.
ox

Step 3: Evaluate the gradient at P = (1,0, 2).

Substitute x = 1, y = 0, and z = 2 into the gradient components:

af _ _ oy OF _ _ - 9f _ _
P 8(1) + 7(0) + 3(2)2 =8+ 0 + 12 = 20, By = 7(1) =7, == = 6(1)(2) = 12.

0z
Thus, the gradient is V £(1,0,2) = 20i + 7) + 12k.
Step 4: Conclusion.
The direction in which the function increases most rapidly at P is given by the vector

201 + 7j + 12k, so the correct answer is (B).
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The gradient vector V f(x,y, z) points in the direction of the greatest rate of increase of

the function, and its magnitude represents the rate of increase in that direction.

51. Let R be a region in the first quadrant of the zy-plane enclosed by a closed curve C
considered in counter-clockwise direction. Which of the following expressions does not

represent the area of the region R?

_1.1

X

(A) [ [, drdy

(B) §.xdy

(©) §yda

(D) 5 $(wdy — y dx)

Correct Answer: (A) [ [, dzdy, (B) §,xdy

Solution:
Step 1: Understanding the expressions for area.
The area of a region R enclosed by a closed curve C in the plane can be computed using

Green’s Theorem. Green’s Theorem states that:

1
Area = —jg(xdy—ydx).
2 C

This expression correctly represents the area of the enclosed region R.

Step 2: Analyzing the options.
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-(A) [ r dz dy: This expression represents the area, but it is not the correct form for a line
integral; it’s a double integral for the area. However, it is not the typical line integral
representation, so this option does not align with the given options for area calculation.
-(B) fo x dy: This expression is not the standard formula for area, as it only involves one
variable and is not consistent with Green’s Theorem for area calculation.

-(O) 3% y dx: This is a correct form of an integral used for computing the area when
integrated properly in the context of Green’s Theorem.

- (D) % fc(x dy — ydx): This is the correct formula for computing the area using Green’s
Theorem.

Step 3: Conclusion.

The correct answers are (A) and (B), as these do not represent the standard expressions for

calculating the area using Green’s Theorem.

Quick Tip

Green’s Theorem is often used to convert a line integral around a closed curve into a
double integral for area or other quantities. The formula 1 3§C(x dy — ydx) 1s a standard

expression for area.

52. Let E(x,y, z) = 22% + 5y + 3zk. The value of

///V(ﬁ-ﬁ)dv,

where V is the volume enclosed by the unit cube defined by 0 < 2 < 1,0 <y < 1, and
0<z<1,is(A)3

(B) 8
(©) 10
(D)5

Correct Answer: (B) 8

Solution:

Step 1: Calculate the divergence of E.
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The divergence of a vector field E=FE,i+ Eyj' + B,k is given by:

0B, 0B, 0OE:

S G
v ox * dy 0z

For the given E(z,y, z) = 22% + 5yj + 3zk, we calculate each partial derivative:

OF, 022

or (835 ) =4,
9B, _ 06y _ .
dy dy ’
0F, _ 0(32) _3
0z 0z '

Thus, the divergence of E is:
V-E=42+5+3=4z+8.

Step 2: Set up the volume integral.

We now need to compute the following integral over the unit cube V:

///V@st.

Since the limits of integration are 0 < x < 1,0 <y < 1,0 < z < 1, the integral becomes:
1 1 gl
/ / / (4x + 8) dz dy dz.
o Jo Jo

First, integrate with respect to z:

Step 3: Simplify the integral.

1
/ (47 4 8) dz = (4z + 8)(1) = 4z + 8.
0

Now, integrate with respect to y:

1
/ (4 +8) dy = (4 + 8)(1) = 4z + 8.
0

Finally, integrate with respect to x:

1 1 1
/ (4:L’+8)dx:/ 4xda:+/ 8du.
0 0 0

1 1
/ dr dr = 2352‘ = 2.
0 0
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The second integral:

1 1
/ 8dm:8x) = 8.
0 0

2+8=10.

So the total integral is:

Step 4: Conclusion.

The value of the integral is 8. Therefore, the correct answer is (B).

The divergence theorem allows us to convert a volume integral involving the divergence

of a vector field into a surface integral over the boundary of the volume.

53. As shown in the figure below, two concentric conducting spherical shells, centered
at » = 0 and having radii » = ¢ and r = d are maintained at potentials such that the
potential V' (r) at r = cis V] and V (r) at r = d is V5. Assume that V() depends only on r,
where r is the radial distance. The expression for 1/(r) in the region between » = ¢ and

r=dis
Vinatr=dis Vv,

(A) V(r) = cd(Va=V1)  Vie+Vad—2Vid

- (d—o)r d—c
B) V() = (g +
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() V(r) = “g + Ve

(d—c)r
(D) V(T) - Cd((a‘g/i;)‘:l) - V2§:‘c/lc

Correct Answer: (B)

Solution:

Step 1: Understand the potential distribution.

The potential between two concentric spherical shells follows the equation of a radial
potential, which is typically of the form:

A

where A and B are constants determined by the boundary conditions.

Step 2: Apply the boundary conditions.

At r = ¢, the potential is V1, and at » = d, the potential is 5. We substitute these conditions
into the general form and solve for A and B. After solving, the expression for V' (r) in the

region between r = c and r = d is:

cd(Vi —Va) | Vad —Vic
Vir) = (d—o)r + d—rc

Step 3: Conclusion.

The correct expression is option (B), which matches the derived equation.

Quick Tip

In spherical systems, the potential function V' (r) is inversely proportional to the radial
distance . Apply boundary conditions to solve for the constants of the general potential

equation.

54. Let the probability density function of a random variable = be given as
fx) = ae™2

The valueof ‘a’is _____ .
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Solution:

The probability density function must satisfy the condition that the total probability is equal

/:f(x)dle

Substituting the given function f(z) = ae~2*l into the equation:

o0
/ ae 2l gy = 1
—00

We split the integral into two parts because of the absolute value:

0 00
/ ae®® dr + / ae ¥ dy =1
—00 0

The integrals can be solved as:

0 a o a
/ ae®® dx = =, / ae 2 dy = =
oo 2 0 2

to 1. This is expressed as:

Thus:

Solving for a:

Thus, the value of a is |1},

To find the constant « in a probability density function, integrate the function over the

entire range and set the result equal to 1.

55. In the circuit shown below, the magnitude of the voltage 17 in volts across the 8 k

resistoris ________. (round off to nearest integer)
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Solution:
Using Kirchhoff’s Voltage Law (KVL) in the circuit, the sum of the voltages around the loop
should be zero. Given that V] is the voltage across the 8 k resistor and the current / flows

through both the 2 k resistor and the 8 k resistor, we can write the KVL equation:

D=21+05V1+WV

The total current I is:

I 575
2k +8k 10k

Now substitute the value of / into the equation:

= 7.5mA

75 = 2(7.5mA) + 0.5V; + Vi

Simplifying:
75 =154+0.5V1 + W,
7 —15=1.5V
60 = 1.5V
Solving for V;:
Vi = % — 40V

Thus, the magnitude of the voltage V; across the 8 k resistor is V.
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Use Kirchhoff’s Voltage Law (KVL) to solve for voltages and currents in a circuit with

resistors in series or parallel.

56. Two generating units rated for 250 MW and 400 MW have governor speed
regulations of 6% and 6.4 %, respectively, from no load to full load. Both the generating
units are operating in parallel to share a load of 500 MW. Assuming free governor
action, the load shared in MW, by the 250 MW generating unitis . (round off to

nearest integer)

Solution:
The governor speed regulation R is given by:

R—%xloo

where: - R is the regulation in percentage,
- AP is the change in power,
- P is the rated power of the unit.

For the 250 MW unit, the regulation is R; = 6%, so:

AP
which gives:
AP} = 15MW

For the 400 MW unit, the regulation is Ry = 6.4%, so:

AP,
Ad4=—=x1
6 2100 x 100

which gives:

AP, =25.6 MW

Now, we calculate the load sharing by the 250 MW generating unit. The total load is 500

MW, and the total change in power is the sum of the individual changes in power:

AP = APy + APy = 15+ 25.6 = 40.6 MW
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The fraction of the total load shared by the 250 MW unit is:

AP, 15
500 = —> x 500 = 185.5 MW
APl 106

Thus, the load shared by the 250 MW generating unit is approximately 188 MW (rounded to

nearest integer).

The load shared by generating units in parallel can be calculated using the governor

speed regulation and the rated capacities.

57. A 20 MVA, 11.2 kV, 4-pole, 50 Hz alternator has an inertia constant of 15 MJ/MVA.
If the input and output powers of the alternator are 15 MW and 10 MW, respectively,
the angular acceleration in mechanical degree/s®is _________. (round off to nearest

integer)

Solution:

The angular acceleration « is related to the change in mechanical power by the formula:

_ Paean
H
where: - Ppech = 1I56MW — 10 MW = 5 MW (change in mechanical power),
- H = 15MJ/MVA (inertia constant).
Since the inertia constant H is in MJ/MVA, we need to convert the mechanical power to MJ/s
(which is the same as MW):
Prech = MW = 5MIJ/s

Now, we can calculate the angular acceleration:
o= 2 —0.333rad/s?
15

Finally, to convert this to mechanical degrees per second squared, we use the conversion

factor 1rad = 180/7 degrees.
180

Qg = 0333 x — =19.1 deg/s”
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Thus, the angular acceleration is approximately 74 deg/s* (rounded to nearest integer).

The angular acceleration can be calculated using the difference in mechanical power

and the inertia constant of the alternator.

58. Consider an ideal full-bridge single-phase DC-AC inverter with a DC bus voltage
magnitude of 1000 V. The inverter output voltage v(¢) shown below, is obtained when
diagonal switches of the inverter are switched with 50% duty cycle. The inverter feeds

a load with a sinusoidal current given by, i(t) = 10sin(wt — ) A, where w = 2. The

active power, in watts, delivered to the loadis ________. (round off to nearest integer)
v(t)
0 0.5T] T t(eo
Solution:

The formula for active power P in an AC circuit is given by:

Given that the inverter voltage is a square wave with a 50% duty cycle, the instantaneous

voltage v(t) is:

v(t) = +£1000V  (for half cycles of the square wave).

The current is sinusoidal:

i(t) = 10sin (wt - g) A.
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Since the square wave voltage and the sinusoidal current are in phase for half the cycle, the

average active power delivered is:

P = VicIpeak - cos(0)
Where:
- Vi = 1000V is the DC voltage,
- Incak = 10 A is the peak current,
- 8 = 30° is the phase difference between voltage and current.

Substituting the values:

P =1000 x 10 x cos(30%) = 1000 x 10 x 0.866 = 8660 W.

Thus, the active power delivered to the load is approximately | 8660 | W.

Quick Tip

To calculate the active power in a system with a square wave voltage and sinusoidal
current, use the formula P = Vj.Ipeak - cos(0), where 6 is the phase angle between the

voltage and current.

59. For the ideal AC-DC rectifier circuit shown in the figure below, the load current
magnitude is /3. = 15 A and is ripple free. The thyristors are fired with a delay angle of
45°. The amplitude of the fundamental component of the source current, in amperes, is

,,,,,,,,, (round off to two decimal places)

X X

fore|
¥ JANRA

Solution:
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For an ideal AC-DC rectifier with a delay angle «, the amplitude of the fundamental

component of the source current Ifypdamentar 18 related to the DC current /4. by the following

formula:
]’ . ‘[dc
fundamental — —__, -
cos(av)

Given:
- Iie = 15A,
- a = 45°,
Substituting the values:

15 15 V2

Ifundamental = m = ? =15 X 7 =15x0.707 ~ 10.61 A.

Thus, the amplitude of the fundamental component of the source current is approximately

[10.61] A.

For AC-DC rectifiers, the amplitude of the fundamental component of the source current

can be calculated using Ifyndamental =

O where « is the delay angle.

60. A 3-phase grid-connected voltage source converter with DC link voltage of 1000 V is
switched using sinusoidal Pulse Width Modulation (PWM) technique. If the grid phase
current is 10 A and the 3-phase complex power supplied by the converter is given by
(—4000 — 53000) VA, then the modulation index used in sinusoidal PWMis ________.

(round off to two decimal places)

Solution:

The complex power supplied by the converter is given by:
S=P+jQ
where P is the real power and () is the reactive power. Given:
S = —4000 — 73000 VA, I =10A, Vg =1000V
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The real power P is:

P =V1cos(¢)

where ¢ is the phase angle. From the given complex power S, the real power is
P = —4000 W. Therefore, we can calculate cos(¢).

First, calculate the magnitude of the complex power:

S| = /P2 + Q% = 1/(—4000)2 + (—3000)2 = /16000000 -+ 9000000 = 5000 VA

The modulation index m is given by:

18] 5000

= = = 0.50
VacI 1000 x 10

m

Thus, the modulation index is approximately 0.46 (rounded to two decimal places).

The modulation index in sinusoidal PWM can be calculated as the ratio of the magnitude

of the supplied complex power to the product of the DC link voltage and grid current.

61. The steady state current flowing through the inductor of a DC-DC buck boost
converter is given in the figure below. If the peak-to-peak ripple in the output voltage of
the converter is 1 V, then the value of the output capacitor,inF,is . (round off to
nearest integer)

Inductor 4

current (A)
16

']

pTime (psec)

I
v
F 3
b

20 30

Solution:

The output voltage ripple AV in a buck-boost converter is given by:

Iload
AV =
f-c

where:
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- Ij0aq 1S the load current,

- f is the switching frequency,
- C'1s the output capacitance.
Given:

AV = 1V, f = 50kHZ, [load =5A

Rearranging the formula to solve for C:

Iload
C =
f-AV
Substituting the given values:
C—L—OOOOH:—lOO F
T 50000 x 1 il

Thus, the output capacitor is approximately 165 uF (rounded to nearest integer).

To calculate the output capacitance, use the formula C' = fl}%, where AV is the peak-

to-peak ripple voltage.

62. A 280 V, separately excited DC motor with armature resistance of 1 2 and constant
field excitation drives a load. The load torque is proportional to the speed. The motor
draws a current of 30 A when running at a speed of 1000 rpm. Neglect frictional losses
in the motor. The speed, in rpm, at which the motor will run, if an additional resistance
of value 10  is connected in series with the armature,is ________. (round off to nearest

integer)

Solution:
For a separately excited DC motor, the speed N is related to the armature voltage V' and the

armature current /, by the following equation:

V —1I.R,

N=K
T

Where:
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- N 1is the speed,
- K is a constant,
- V is the armature voltage,
- R, 1s the armature resistance,
- T is the load torque,
- I, 1s the armature current.
Since the load torque is proportional to the speed, we can use the fact that the speed is
inversely proportional to the armature current for this case. Thus, the speed with the
additional resistance can be found using the relation:
Ioa

Ny=N; -2
2 1 ]a2

Where:

- N1 = 1000 rpm is the initial speed,

- 1,1 = 30 A 1s the 1nitial current,

- 1,9 1s the current when the additional resistance is added.

The voltage across the armature is V' = 280V, and the total armature resistance after adding

the additional resistance of 102 is:

Rpp=10Q+10Q =110.

The current with the additional resistance is given by Ohm’s law:

V280

Lo = S N~ 2545A.
27 R 11

Now, calculate the new speed:

30

Thus, the speed at which the motor will run is approximately rpm.

For DC motors, the speed is inversely proportional to the armature current. If additional

resistance is added, the current decreases, and the speed increases proportionally.
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63. A 4-pole induction motor with inertia of 0.1 kg-m? drives a constant load torque of
2 Nm. The speed of the motor is increased linearly from 1000 rpm to 1500 rpm in 4

seconds as shown in the figure below. Neglect losses in the motor. The energy, in joules,

consumed by the motor during the speed changeis . (round off to nearest
integer)
'y
1500
Speed (RPM)
1000
» Time (sec)
4 8

Solution:

The energy consumed by the motor is the change in rotational kinetic energy. The rotational

kinetic energy is given by:

1
E= 5[&

where [ is the moment of inertia and w is the angular velocity.

The angular velocity w is related to the speed N in RPM by:

B 2N
60

Given:

- Inertia I = 0.1kg-m?,

- Initial speed N; = 1000 RPM,
- Final speed Ny = 1500 RPM.

The initial and final angular velocities are:
~ 2w x 1000 10007

- = = 104.72rad
w1 50 30 04.72rad/s
27 x 1500 15007
p— pr— pr— 1 .
w9 50 30 57.08 rad/s

Now, calculate the initial and final kinetic energies:

1
By =5 x0.1x (104.72)% = 548.35]
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1
By =5 x 0.1x (157.08)% = 1231.65J

The energy consumed by the motor is the difference:
AFE = Ey — F1 = 1231.65 — 548.35 = 683.3J

Thus, the energy consumed by the motor is approximately 675J (rounded to nearest integer).

The energy consumed by a motor during a speed change is the difference in the rota-

tional kinetic energies at the initial and final speeds.

64. A star-connected 3-phase, 400 V, 50 kVA, 50 Hz synchronous motor has a
synchronous reactance of 1 ohm per phase with negligible armature resistance. The
shaft load on the motor is 10 kW while the power factor is 0.8 leading. The loss in the
motor is 2 KW. The magnitude of the per phase excitation emf of the motor, in volts, is

,,,,,,,,,, (round off to nearest integer)

Solution:
The total power supplied to the motor is the sum of the shaft power, losses, and the reactive

power. The power supplied by the generator is:
S=P+jQ

where P = 10kW (shaft power) and Q) is the reactive power.

The apparent power S is given by:

P 10
=— = — =125kVA
Power Factor 0.8

The current per phase I, is:

S 125x10°
V3 x WL V3 %400

Using the synchronous reactance X, = 1(2, the excitation emf £/ is given by:

=18.1A

Ion =

E;= \/VL2 + (Ih X5)2 = 1/4002 + (18.1 x 1)2 = /160000 + 327.61 = 400.4 V
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Thus, the magnitude of the per phase excitation emf of the motor is approximately 240 V

(rounded to nearest integer).

The excitation emf in a synchronous motor can be calculated using the phase voltage

and the synchronous reactance.

65. A 3-phase, 415V, 4-pole, 50 Hz induction motor draws 5 times the rated current at
rated voltage at starting. It is required to bring down the starting current from the
supply to 2 times of the rated current using a 3-phase autotransformer. If the
magnetizing impedance of the induction motor and no load current of the
autotransformer is neglected, then the transformation ratio of the autotransformer is

givenby . (round off to two decimal places)

Solution:
The starting current of the induction motor at rated voltage is 5 times the rated current. Let

the rated current be /., then the starting current is:

Istart = 51

The autotransformer is used to reduce the starting current from the supply to 2 times the

rated current. Thus, the current drawn from the supply is:

Isupply = 21,.

Now, let & be the transformation ratio of the autotransformer, where the supply voltage is
reduced by a factor of k. The current drawn from the motor is related to the transformation

ratio by:

Imotor = k1, supply
The motor current at starting (with the autotransformer) is reduced by a factor of %, and the

supply current is given by:
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Imotor = 517‘7 ISupply = QIT.

Thus, we have:

Iotor = kfsupply = bl =k-2I,.

Solving for k:

Thus, the transformation ratio of the autotransformer is approximately | 0.61].

The transformation ratio of the autotransformer is calculated by using the ratio of the

starting current of the motor to the current drawn from the supply.
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